
organised by the Doctoral Schools of the BME,  
in the framework of TÁMOP-4.2.2/B-10/1-2010-0009

PhD Conferences

Pál Vásárhelyi  Doctoral School of Civil Engineering and Earth Sciences
Géza Pattantyús-Ábrahám Doctoral School of Mechanical Sciences
George Olah  Doctoral School of Chemical Science and Chemical Engineering
 Doctoral School of Computer Science and Information Technologies
 Doctoral School of Electrical Engineering
Gábor Baross  Doctoral School of Transportation Engineering
Kálmán Kandó  Doctoral School of Mechanical Engineering Sciences
 Doctoral School of Psychology
 Doctoral School of Mathematics and Computer Science
Doctoral School of Physics
 Doctoral School of Business and Management Sciences
 Doctoral School of Philosophy and History of Science

Pr
oc

ee
di

ng
s 

of
  P

hD
 C

on
fe

re
nc

es
 -

 B
M

E 
20

12

The work  has been developed in the framework of  the 
„Talent care and cultivation in the scientific workshops of  BME”  

project. This project is supported by the grant 
TÁMOP-4.2.2.B-10/1-2010-0009.

Proceedings of the

2012



organised by the Doctoral Schools of the BME,  
in the framework of TÁMOP-4.2.2/B-10/1-2010-0009

PhD Conferences

Pál Vásárhelyi  Doctoral School of Civil Engineering and Earth Sciences
Géza Pattantyús-Ábrahám Doctoral School of Mechanical Sciences
George Olah  Doctoral School of Chemical Science and Chemical Engineering
 Doctoral School of Computer Science and Information Technologies
 Doctoral School of Electrical Engineering
Gábor Baross  Doctoral School of Transportation Engineering
Kálmán Kandó  Doctoral School of Mechanical Engineering Sciences
 Doctoral School of Psychology
 Doctoral School of Mathematics and Computer Science
Doctoral School of Physics
 Doctoral School of Business and Management Sciences
 Doctoral School of Philosophy and History of Science

Proceedings of the



BME 2012 | Proceedings of PhD Workshops

Proceedings of the PhD Workshops at BME, 2012

Publisher: Gábor Péceli, Rector 
Editor: János Levendovszky
Coordination: Györgyi Dallos 
DTP: Tamás Rumi 

Address: H-1111 Budapest, Műegyetem rkp. 3. 
Tel: +36 1 463 1595 
www.bme.hu, www.tehetseg.bme.hu

This publication is sponsored by the project “Talent care and cultivation in the scientific workshops of BME”  
(TÁMOP-4.2.2/B-10/1-2010-0009) 

ISBN 978-963-313-073-5

Budapest University of Technology and Economics (BME)



BME 2012 | Proceedings of PhD Workshops

To continuously excel at research and spearhead developments in modern techno-
logies, one of the most important “assets” for all the universities around the world, 
is the massive body of talented PhD students. Hence, the future scientific potential 
and competitiveness of the Budapest University of Technology and Economics also 
hinges upon the successful introduction of these students to high quality and in-
ternational research. Therefore, PhD workshops offering cutting edge results and 
novel approaches may lead to a very efficient form of developing talents to perfec-
tion and bringing them to professional maturity. In this way, the contribution of the 
project “Talent care and cultivation in the scientific workshops of BME”  (TÁMOP-
4.2.2/B-10/1-2010-0009) proved to be instrumental in supporting young PhD re-
searchers. It has extended the opportunities and the available means by which the 
university can successfully pass on its scientific heritage to the next generation or 
researchers and developers.

This volume gives a survey about the current research and development projects 
conducted in the various PhD Schools at the Budapest University of Technology 
and Economics.  The results reported in this book are supported by the above men-
tioned project and were disseminated in the series of PhD Workshops organized by 
the next 12 PhD Schools operating at BME. 

Pál Vásárhelyi Doctoral School of Civil Engineering and Earth Sciences•	
Géza Pattantyús-Ábrahám Doctoral School of Mechanical Sciences•	
George Olah Doctoral School of Chemical Science and Chemical Engineering•	
 Doctoral School of Computer Science and Information Technologies•	
 Doctoral School of Electrical Engineering•	
Gábor Baross Doctoral School of Transportation Engineering•	
Kálmán Kandó Doctoral School of Mechanical Engineering Sciences•	
 Doctoral School of Psychology•	
 Doctoral School of Mathematics and Computer Science•	
Doctoral School of Physics•	
 Doctoral School of Business and Management Sciences•	
 Doctoral School of Philosophy and History of Science;•	

We sincerely hope that this book will give a useful and comprehensive survey of the 
high quality research conducted at BME.

Prof. Janos Levendovszky
Scientific project coordinator

PHD wOrkSHOPS
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Contacts of Doctoral Schools of Budapest University of Technology  
and Economics

1. Pál Vásárhelyi Doctoral School of Civil Engineering and Earth Sciences
 https://www.me.bme.hu/doktisk/

2. Géza Pattantyús-Ábrahám Doctoral School of Mechanical Sciences
 http://www.gpk.bme.hu/PhD/index.php

3. George Olah Doctoral  School
 http://www.ch.bme.hu/oktatas/doktori_kepzes/olah-gyorgy-doktori-iskola/

4. Doctoral School of Computer Science and Information Technologies
 https://www.vik.bme.hu/doktorandusz/91.html

5. Doctoral School of Electrical Engineering
 https://www.vik.bme.hu/doktorandusz/45.html

6. Gábor Baross Doctoral School of Transportation Engineering
 http://www.di.kozlek.bme.hu/

7. Kálmán Kandó Doctoral School of Mechanical Engineering Sciences  
(Vehicle and Mobile Machines)
 http://www.di.kozlek.bme.hu/

8. Doctoral School of Psychology
 http://www.cogsci.bme.hu/doktori_iskola.php

9. Doctoral School of Mathematics and Computer Science
 http://doktori.math.bme.hu/

10. Doctoral School of Physics
 http://dept.phy.bme.hu/phd/

11. Doctoral School of Business and Management Sciences
 http://www.kornygazd.bme.hu/doktori/

12. Doctoral School of Philosophy and History of Science
 http://www.filozofia.bme.hu/doctoral_school
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1. A brief description of the Pál Vásárhelyi Doctoral School of Civil 
Engineering and Earth Sciences 

The doctoral school was established in 1993 in a form of two doctoral programs, to 
rise new generations for research and development in the field of the theoretical and 
practical aspects of civil engineering and earth sciences. Its focus includes research in 
structural mechanics, building materials, geology, geotechnics, architectural 
engineering, highway and railway constructions, hydraulic and water resources, 
sanitary and environmental systems, geodesy, surveying, geoinformatics and 
photogrammetry, biomechanics ...etc. The school integrates the research activities 
pursued in 10 different departments in the Faculty of Civil Engineering, Budapest 
University of Technology and Economics. The scientific activities in the school are 
conducted in three main groups, (i) structural engineering; (ii) infrastructural 
engineering; and (iii) geoinformatical engineering. Since 1993 more than 100 students 
have successfully defended their PhD theses and have been awarded with the degree. 
As far as the scientific outcome is concerned, the members, supervisors and students 
of the school have published several hundreds of high ranking journal papers and the 
cumulative impact factor goes beyond 400. 

2. Research and development projects supported by TÁMOP-
4.2.2/B-10/1-2010-0009 

The research fields of the faculty cover very broad fields in the civil engineering and 
geoinformatical researches. PhD-Students and young researchers are always in the 
frontier of the current  investigations, so we divided the objected researches into the 
classical subdivisions of the research, namely (I) structural engineering, 
(infrastructure engineering, and (iii) geoinformatical engineering 
In the talent care aspects of the TAMOP project the faculty awarded extended grants 
for 13 of its PhD Students, as well 4-4 doctoral candidate and post-doc researchers 
were employed  
 
2.1 Research in the field of Structural Engineering 

The emphasized objectives of the research of wide topics of the structural engineering 
discipline are included in the project with the following subdivided fields: 

- As local ductility of steel structures gets more and more important in the current 
structures, the analysis of this behaviour, creating an effective numerical material 
model, backed by laboratory experiments is planned 

- Buckling restrained braced (BRB) frames are analysed for their capacity 
parameters with global non-linear dynamics 

- Design of composite structures based on numerical simulation with emphasis on 
shear connections. 

- Development and generalization of the „constrained finite strip” method for the 
stability analysis of thin walled steel structures 

- Application of polymer concretes and their temperature-dependence 
- Early age shrinkage cracking and  sensibility analysis of different concretes 
- Engineering geological and geostatistical analysis of the new metro stations in 

Budapest 
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- Strength and behaviour of building materials in and after fire 
- Analysis of the geotechnics of municipal solid waste landfills 
- Biomechanics of the human eye 
 
2.2 Research in the field of Infrastructural Engineering 

The emphasized objectives of the research of wide topics of the infrastructural 
engineering discipline are included in the project with the following subdivided fields: 

- Analysis and modelling of fluctuations in shallow lakes caused by the wind 
- Analysis of interaction of reed-water interface zones in shallow lakes 
- Short-time hydrodynamic forecasting for lakes with 3D-modelling 
- Determination of the diffuse pollution and water quality of roof runoff 

precipitations in urban areas 
- Research and development of water purification technology, particularly for 

arsenic and ammonium-exempt 
- Analysis and quantitative evaluation of ecosystem services 
As it can be seen from the list, the objectives are the detailed analysis of the 
hydrodynamics of lakes and water management research in urban and rural areas 

2.3 Research in the field of Geoinformatical Engineering 

The emphasized objectives of the research of wide topics of the geoinformatical 
engineering discipline are included in the project with the following subdivided fields: 

- Application of the measurements with the torsional pendulum of Eötvös in 
geodesy 

- Analysis of the application of RFID system for geoinformatical problems 

- Geodesic application of modern mathematical and computational methods with 
emphasis on differential evolutionary algorithms 

3. Papers 

In the frame of the project „Talent care and cultivation in the scientific workshops of 
BME" the Doctoral School grants financial aid to its several talented PhD-Students, 
PhD-candidates and post-doc researchers to achieve the pledged scientific result 
through their research. In this section we have chosen two PhD-Students, one PhD-
candidate and one post-doc researcher to present their research. 

The selected papers are: 

Zsófia Derts (PhD Student): Quantitative evaluation of ecosystem services: problems 
and possibilities experienced in the Tisza Valley case study 

Zita Ultmann (PhD Student): Linearity analysis of the Eötvös-tensor 

Olivér Fenyvesi (PhD candidate): Early age shrinkage cracking of concretes 

Gabriella Varga (post-doc researcher): Degradation Dependent Stability Issues of 
Landfills 
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Quantitative evaluation of ecosystem services: problems and 
possibilities experienced in the Tisza Valley case study 

Zsófia Derts 

 

Abstract 

The Tisza Valley is risked by extremities related to water resources that are aggravated by direct and 
indirect anthropogenic effects and climate change. The long term planning of land use based on the 
maximization of the natural capital would be a possible way to manage these risks. The integrated 
hydrological model of the WateRisk decision support system developed at our Department contributes 
to the technical initiation of this concept, and, the environmental economic post-processing module of 
the same software is able to demonstrate the long term change of several ecosystem services. As an 
outcome of the background research for the WateRisk project, in this article, the results, limits and 
further possibilities about the determination of the natural capital of the Tisza Valley study areas are 
presented. 

Introduction 

The Tisza Valley is characterized by water resources extremities in space and time 
(flood, excess water and drought ([6], [11]), which induces serious – and probably 
increasing – social and ecological risks. The solution to this issue (adaptation to the 
altering conditions and/or the moderation of the risk factors) requires an integrated 
management of water resources, land use and natural circumstances. A possible 
approach to related decision making is the economic comparison of the total 
economic value (TEV, [3], [8]) of the water resources policy-land use scenarios, by 
means of hydrological and hydro-dynamic modeling tools.  

The economic benefit of ecosystems is defined through natural capital and ecosystem 
services: physical and biological stocks and flows that contribute to human well-being 
([1], [2], [9], etc.). The fact that certain ecosystem services dominate a given 
landscape facilitates their valuation. At the same time some services are hardly 
definable numerically, some others are barely referable to changes in water resources 
or to financial values, which make research more difficult. Costanza ([1]) produced 
the global range of natural capital for different ecosystems, on the other hand in case 
of given study areas it is fundamental that the valuation of ecosystem services the 
calculations be executed by taking into account the local circumstances. 

Methodology 

The method of the research is based on a multi-criteria analysis of the alternatives of 
water resources management and land use in order to mitigate the risks of the Tisza 
Valley related water resources and in order to optimize the composition of natural 
capital by the following phases. 

The areas were chosen on the inactive floodplain of the Tisza Valley by hydro-
dynamic modeling. The former ecosystem services of which the reference period was 
the 18-19th century were assessed in a qualitative way by means of contemporary 
maps [5]) and ethnographical literature. The actual ecosystem services were identified 
after the study of a land use data base ([4]), by taking into account of high priority the 
risks related to water resources extremities. In the course of the definition of land use 
alternatives, two main approaches were taken into consideration: (i) the continuing 
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preference of provisioning services, (ii) an environmentally optimal land use with 
regard to the long term interests of the society. Finally the probable ecosystem 
services of each alternative were evaluated partly qualitatively and partly 
quantitatively. 

Results 

The chosen study areas 

The study areas are localized in the Tisza Valley: on the inactive floodplain which 
was regularly covered by water before the 19th century river regulations. The 36 study 
areas cover a total area of approximately 1500 km2 from Tiszabecs to Szeged. 

Qualitative assessment of ecosystem services 

Former land use 

Before the 19th century river regulation, water exchange between the river and its 
floodplains provided a large scale of benefits ([10]) resulting a high value of natural 
capital (Table 1). 

Provisioning services 
Regulating and 

supporting services 
Habitat services 

Cultural and 
spiritual services 

Fish Microclimate regulation Genetic diversity Folk art inspiration 

Fruits 
Equalization of flood and 

drought 
  

Crops Water cycling   
Livestock Nutrient cycling   
Surface water    

Table 1 Former ecosystem services of the Tisza floodplains regularly covered by water 

Actual land use 

On the course of the identification of present ecosystem services, land use as well as 
its suitability took part of the important factors. According to the CORINE land cover 
data base ([4]), the proportion of croplands exceeds 70% which means that nowadays 
the provisioning services – and, within this group intensive agriculture – dominate the 
study areas. Regulating and supporting services are present in a smaller proportion, 
which is demonstrated by the fact that 58% of the total of croplands are exposed to 
high drought risk, 93% to flood and 92% to excess water1, and these risks affect the 
most of areas together. 

Future land use scenarios 

The future land use possibilities were compared along two different scenarios suiting 
to the IPCC SRES2. 

The continuation of the actual land use fits the scenario A2. In this case, the 
ecosystem services will be of the same types than actually but they will probably 
available in a limited way. 

Compared to the continuation of the present land use, the approach of scenario B2 
offers an alternative way with the preference of the local realization of economic, 

                                                 
1 The study of the risk of flood, excess water and drought is based on the GIS layer of [21] p39. 
2 For the description of the scenarios please visit 

http://www.ipcc.ch/publications_and_data/ar4/wg2/en/figure-2-5.html. 
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social and ecological sustainability, which can be demonstrated by a land use 
corresponding to the following requirements: 

- preference of the alternative providing the highest level of natural capital 
in a way that, 

- the provisioning services necessary for the inhabitants are conserved 
otherwise the other types of services are preferred; 

- infrastructural and urban damages are minimized, and, 
- risks and benefits are equally taken into consideration. 

In this case the areas of deeper altitude – with adapted vegetation – would be 
regularly covered by water and agricultural activities would be placed at areas of 
higher altitude. This solution would lead to a diverse land cover combined with water 
surfaces with an increased proportion of woodlands, allowing variable supporting and 
regulating functions. 

After the qualitative presentation of the ecosystem services related to the different 
land use scenarios, the quantification results of some of the services of the sustainable 
land cover of the scenario B2 will be presented in details for the study areas. 

Quantitative assessment of ecosystem services 

Flood regulation, mitigation of damages 

As a result of model simulations, 36 areas have been found with a reservoir capacity 
between 20 and 230 million cubic meters and water surface between 13 and 88 km2, 
providing a summarized reservoir volume of 2.5 milliard cubic meters. 

As part a whole system, these areas would be able to mitigate flood damages of at 
least 1 meter on average for the total Hungarian section of the Tisza River, which is 
equal to a decrease of damage costs by several milliard Forints each year. As a result 
of its application the sum of the main investment and operation costs and the reduced 
damage costs would probably be lower than the actual average of damage and defense 
costs. 

Water quality regulation 

The water conducted to behind the dykes would significantly slow down compared to 
its velocity in the main river bed hence a part of the suspended solids would settle in 
the study areas with the connected particulate phosphorus particles ([7]). This way 2.8 
tons of suspended solids would settle on average on each hectare of the same study 
areas containing about 3 kg of particulate phosphorus (PP), of which process the 
economic value was estimated as the saved cost of phosphorus removal in wastewater 
treatment. Based on these results, it can be drawn that by only taken into account the 
operational costs of phosphorus removal, the regular water coverage would contribute 
to the social benefit of nutrient cycling by even 30 000 Ft by year on average on each 
hectare of the study areas. 

The benefit of woodlands 

Provisioning and supporting-regulating services are related to woodlands at once: by a 
professional operation: provision of fiber, carbon dioxide fixation and climate 
regulation. As a preliminary estimation at a woodland proportion of 25% the social 
benefit of carbon sequestration would reach 7500–15000 Ft per year per hectare on 
average for the total of the study areas. 
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Conclusion 

Achievements up to now 

On the course of the research it became evident that (i) the actual land use is not 
suitable to the hydrological risk factors and to the environmental circumstances and 
hence not sustainable in the long term, and, (ii) by taking into account only the 
aspects of land use or water resources policy the risks and the potentials of the areas 
cannot be adequately managed. The main goal of our research was therefore to initiate 
a possible way of complex decision making of land use and water resources 
management by the valuing of ecosystem services of different alternatives and the 
comparison of their potential natural capital. 

The research work based on hydrological and hydro-dynamic modeling lead partly to 
numerical and partly to ideal results for the study areas. According to our current 
knowledge, the adequate involvement of the areas of the inactive floodplain to the 
flood regulation, the mitigation of drought and to the increase of biodiversity would 
be a possible way for the next few decades. To this end, a professionally designed 
land use should be implemented which would be terraced in altitude: with a higher 
proportion of woodlands and wetlands it would mitigate the extremities in water 
resources without damages. 

To summarize, the social benefits of easily calculable ecosystem services potentially 
provided by the study areas can reach a magnitude of a few hundred thousand Forints 
per hectare each year. 

All statements above refer to the study areas chosen in the inactive floodplains along 
the whole Hungarian section of the Tisza Valley. 

Further research goals 

For the continuation of our research the following aims are set: 
involvement of further components of ecosystem services; 
definition of a water resource index related to the natural capital; 
detailed comparative analysis for certain study areas with the planning of land use at 

the level of simulation cells; 
description of the optimal land use in the long term for certain study areas. 

According to our experiences with the methodology based on hydrological and hydro-
dynamic modeling presented above the total economic value (TEV) is impossible to 
be determined due to (i) the nature of ecosystem services (some of them can hardly be 
related numerically to the changes in water resources), and to (ii) the fact that the 
possibility of financial expression of several services is limited. 

The application of this methodology is also limited by the size of the study area. The 
cell-scale planning of the land cover and the storage and flows of water together with 
the simulation of changes in water resources can take months for each study area for a 
researcher. 
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Linearity analysis of the Eötvös-tensor 

Zita Ultmann 

 

Abstract 

Assuming the linear trend of the elements of the Eötvös-tensor between adjoining network points is an 
important demand for different determination methods in geodesy (e.g. interpolation of the deflection 
of the vertical, geoid computations, and interpolation of the gravity values or the vertical gradients of 
gravity). To study the linearity of gravity gradients, torsion balance measurements were made both at 
the field and in a laboratory. The results of the computations emphasizes that the linearity of the gravity 
gradients mainly depends on the amplitude of gradients and generally the given point density of the 
earlier torsion balance network is not enough for geodetic purposes. 

Introduction 

In the last century thousands of torsion balance measurements were made for 
geophysical purposes in Hungary, but these measurements are still not used for 
geodetic purposes. During our former researches a suspicion arised about the 
nonlinearity of the gravity gradients between the adjacent torsion balance stations. 
The question is whether the point density of these measurements is enough or not to 
satisfy the linear changing requirements of gravity gradients which are an important 
demand of the geodetic applications? 

Mathematical background of the linearity analysis 

One of the most important task in the geodesy is to determine the most accurate shape 
of the Earth in which the deflection of the vertical plays a very important role. If 
difference of deflection of the vertical wants to be determined by an interpolation 
method based on the curvature gradients W∆ and Wxy measured by torsion balance in 
α

ik  azimuth between the points P
i  and P

k , the  

 ∫
ni

n
k

∂2W

∂ n∂ s
dn  (1)  

integral should be computed, where
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, (2)  

n
ik  is the distance between P

i  and P
k , and s is perpendicular direction to n ([5]). 

If the P
i  and P

k  points are quite close to each other, then the change of the second 
derivative of the potential Wns, can be considered as linear, and the integral (1) can be 
approximated with the following formula: 

 ∫
ni

n
k

∂2 W

∂ n∂ s
dn=

1
2[(∂2 W

∂ n∂ s)i+(
∂2 W

∂ n∂ s)k
]n
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The change of the N–S and E–W components of deflection of the vertical ∆ξ
ki  and 

∆η
ki  can be determined using the following simplification between the points 

P
i  

and P
k   

 
1
2 [(∆W

ns)i+(∆W
ns)k ]n

ik
=g(∆ξ

ki
sin α

ik
− ∆η

ki
cosα

ik )  (4)  

where 

 ∆W
ns

=
1
2 (W ∆

− U
∆)sin2α

ik
+(W xy

− U
xy)cos2α

ik  , (5)  

the U∆ and Uxy are the normal values of the W∆ and Wxy curvature gradients measured 
by the torsion balance ([5]). 

The accuracy of the interpolated deflection of vertical primarily depends on the linear 
or nonlinear changing of the curvature gradients W∆ and Wxy between the adjacent 
points. 

The same situation is in the following interpolation methods: gravity g, gravity 
anomaly ∆g or vertical gradient Wzz based on the horizontal and curvature gradients of 
gravity measured by torsion balance ([5], [6], [7], [9]). 

Test area 

In the last century approximately 60000 torsion balance measurements were made in 
Hungary ([2]). Among others on the Csepel Island 238 measurements were made in 
the year 1950 for geophysical purposes. For the linearity test 7 torsion balance 
stations were selected, the average distances between these points are about 1.5 km. 
To study the linearity of gravity gradients new torsion balance measurements were 
made with higher point density (distances between these new points are 150 m). As a 
preliminary conclusion of our former studies carried out on this area shows that 
between these points the linearity assumption of the Eötvös tensor is not correct. 

Therefore another investigations was required ([3], [4]). The new test measurements 
were made in the Geodynamical Laboratory of Lorand Eötvös Geophysical institute 
in the Mátyás cave. The location plan of the Geodynamical Laboratory can be seen on 
Fig. 1. The Hungarian gravity basepoint marked by the No. 82 can be found in the 
biggest hall of the cave, and the 14 gravity microbase network points are in the 
passageway between the entrance and the gravity basepoint. The distances between 
the microbase network points are only a few meters. Gravity values and the elements 
of the full Eötvös tensor are known on each points ([1]). There are unusually huge 
gravity gradients along the network line because of the tall bluffy cliff at the entrance 
of the cave. 

New torsion balance measurements were made on the microbase points in 2008-2009 
by a refurbished AUTERBAL instrument ([8]). Later to study the fine structure of the 
gravity gradients the torsion balance stations are refined around the point 82/1, in N-S 
and E-W direction (see on Fig. 1). This ultra-fine network contains 9 points in N-S 
and 3 points in E-W direction, including the point 82/1. Distances between points are 
only 30 cm. 

The Mátyás cave is particularly good place for precise measurements because of the 
constant temperature and constant calmness. 
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Fig. 1. The torsion balance microbase and the refined network points in the Mátyás cave 

Analysis of the precise measurements 

The results of measurements on the Hungarian gravity basepoint and microbase 
network can be seen on Fig. 2. Uncommon huge changing of gravity gradients were 
noticeable between points, the values can reach up to 1000 E (1E = 1 Eötvös Unit = 
10-9 1/s2) within a few meters. Based on the behavior of gradients on Fig. 2 it can be 
established that the changing is not linear, the variation of the gravity gradients may 
contain further components with higher frequency. Further refined measurements 
were carried out to study the fine structure of the gravity gradients around the torsion 
balance station 82/1 in N-S and E-W direction. Distances between points are 30 cm 
(see on Fig. 1). 

 

Fig. 2. Gravity gradients on the microbase network points in the Mátyás cave 

Changing of the horizontal and curvature gradients in N–S and E–W direction can 
keep track on the Figs. 3 and 4 respectively. The changing of the horizontal gradients 
Wzx and Wzy more or less can be regarded as a linear within 30 cm distance, – as it can 
be seen on Figs. 3 and 4, although there are exceptions of Wzy on the surroundings of 
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point 82/1 and at the N direction of 1.5 m away from this point. At the same time the 
changing of the curvature gradients W∆ and Wxy within a distance of 30 cm still is not 
considered to be linear, furthermore these are the two quantities required for the 
interpolation of the deflection of the vertical and for the determination of the fine 
structure of the geoid. Especially the changing of W∆ at the surroundings of point 82/1 
calls the attention to the fact, that is not to be trusted in the linearity of the curvature 
data still within a few dm distances, if the order of magnitude of gravity gradients is 
so huge as in the Mátyás cave. 

 

 

Fig. 3. Gravity gradients on the refined network in N-S direction 

 

 

Fig. 4. Gravity gradients on the refined network in E-W direction 
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Summary 

To study the linearity of gravity gradients, torsion balance measurements were made 
at the gravity microbase network in the gravity laboratory of Loránd Eötvös 
Geophysical Institute in the Mátyás cave. 

The results of our investigations show that the linearity of the gravity gradients 
mainly depends on the order of the magnitude of gradients, and generally the given 
point density of the earlier torsion balance stations is not enough for some geodetic 
purposes. 

The analysis of the local geological features is imperative due to their influence on the 
trend and magnitude of the gradients. 

Further investigations are planned to study about the connection between the linearity 
of gradients and the geological fine structure of rocks near to the surface. 
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Early age shrinkage cracking of concretes 

Olivér Fenyvesi 

 

Abstract 

It is often a problem during the design and construction of concrete and reinforced concrete structures 
to meet the requirements of crack-free structures, e.g. exposed concretes, hydraulic engineering works, 
gas-tight, watertight or liquid-tight concretes, basins, water towers, waterproof concretes, and flat 
roofs. Early age shrinkage cracking tendency has high priority during the construction of several 
reinforced concrete structures. Crack formation significantly influences durability of concrete. Based 
on scientific results of this paper the right cement type can be chosen for the mix design of these 
structures according to the cement parameters, e.g. compressive strength. To measure early age 
shrinkage cracking tendency of cement types, ring tests were made, measuring cracking time of 
different mixtures made with different cement types. 

Introduction 

In concrete, mortar and cement paste shrinkage takes place from the very beginning of 
the life of the material. In early age volume change can be both swelling and 
shrinking, but later shrinkage will relevant, which is caused by water movement in the 
porous and rigid body. During the hydration of cement (in the first 2-8 hours), while 
the cement paste is plastic, it undergoes a volumetric contraction (plastic shrinkage), 
while in cement paste as in any other fine-grained suspension, water content is 
moving toward the external surface of the specimen. After compaction and subsidence 
of particles due to its surface tension water is absorbed from the capillary pores 
towards the external surface and evaporated (due to this deformation it is called 
capillary shrinkage too). Volume reduction of the outer layer is inhibited by the inner 
part of the material, and this can result map-like wide cracks, so-called mapping (the 
same as fine mud forms cracks even after drying) [3]. During the hydration of cement 
paste also a volume change occurs (autogenous shrinkage),  due to the hydration 
products (cement stone) volume is less than the volume of the raw materials (cement 
+ water). However, the extent of hydration prior to setting is small, and once a certain 
stiffness of the system has developed, the contraction induced by the loss of water by 
hydration is greatly restrained [5]. Withdrawal of water from concrete, mortar or 
cement paste stored in unsaturated air causes drying shrinkage. A part of this drying 
shrinkage is irreversible and should be distinguished from the reversible moisture 
movement caused by alternating storage under wet and dry condition [5, 2]. Plastic, 
autogenous and drying shrinkage together are called early age shrinkage. 

Influencing factors of early age shrinkage in mix design: 
- cement content of the paste 
- specific surface area of cement 
- fine aggregate content (under 0.125 mm particle size) 
- specific surface area of fine aggregate 
- water-cement ratio 
- total aggregate content 
- type of aggregate 
- water absorption capacity/water content of aggregate 
- applied admixtures 
- compacting rate of paste 
- porosity 
- other added components e.g. fibres. 
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Shrinkage of concrete depends on the temperature of concrete and its surroundings, 
on relative humidity and on the velocity of air movement as well as the curing and 
composition of the concrete [5]. 

Drying shrinkage related to most important mix parameters of concrete was 
investigated by Grube,[2]. He found that the most important influencing parameters to 
shrinkage are: cement content, type of cement, and water content (Fig. 1.). 

To fulfil the requirements of crack-free structures is often a problem during the design 
and construction of concrete and reinforced concrete structures, e.g. exposed 
concretes, hydraulic engineering works, gas-tight, watertight or liquid-tight concretes. 
Crack formation is also disadvantageous in the point of view durability. 

Time has a two-fold effect from this point of view: the strength increases, thereby 
reducing the cracking tendency, but on the other hand, the stress induced by shrinkage 
also increases. If stress reaches the tensile strength of concrete, cracks appear on the 
structure or specimen (Fig. 2.) [5]. 

Fig.1. Drying shrinkage related to cement content 
and water-cement ratio [2] 

 
 

Fig. 2. Relationship between tensile strength and 
shrinkage induced tensile stress [5] 

Crack formation has significant influence on durability of concrete. The constructors 
have to know the causes of crack formation, and to reduce their affects. 

Experimental studies 

Investigating early age shrinkage cracking tendency of different cement types, the 
variable parameter was the cement type. Beside the crack tendency compressive 
strength of standard cement mortar mixtures were determined according to the 
standard MSZ EN 196-1:2005 with the same cement samples cement stone mixtures 
were made with two w/c ratios: 0.34 and 0.44 and their compressive and flexural 
tensile strength were tested at the age of 2,7 and 28 days according to the standard 
MSZ EN 196-1:2005 [4]. The most important test methods are summarized in Tab. 1 

Cement stone ring specimens were tested with the same cross-section 40×40 mm as 
the prisms, which were made for the compressive strength test. The outer diameter of 
the ring specimen was 240 mm, and the inner diameter was 160 mm. The cement 
paste was worked in around a stiff steel core, so early age shrinkage tensile stresses 
are induced in the ring specimen. If the tensile stresses got higher as the tensile 
strength of the cement stone, a crack was formed on it (Fig. 3-5.). Crack tendency was 
indicated with the time of cracking. The longer the time is needed for crack formation, 
the lower the early age shrinkage cracking tendency is.  

 

 

Cement content kg/m3 

w/c 

w Practical 
range 

w/c 

Time 

Shrinkage ‰ 
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Measured property Type of specimen Duration/age Specimen/ 
mixture 

Method 

Fresh cement paste 
body density 

Prism 40×40×160 
mm 

15 minutes age 3 specimen Mass weight 

Consistency - 10 minutes age - Flow table test 

Compressive strength Prism 40×40×160 
mm 

2, 7, and 28 days 
age 

3 specimen Compression 
test 

Flexural tensile 
strength 

Prism 40×40×160 
mm 

2, 7 and 28 days 
age 

3 specimen Flexural tensile 
test 

Early age shrinkage 
cracking tendency 

Cement stone ring, 
ø240/160×40 mm 

Until cracking 3 specimen Crack time 

Tab. 1.  The most important applied test methods during the research programme 

The experiment has to be carried out in a climate of 65 % relative humidity and 20°C, 
which parameters were measured during the tests. If the temperature or the relative 
humidity changes during the tests, results can be failed and the experiment has to be 
repeated. 

During the research programme 42 cement pastes were investigated, which means 126 
pieces of ring specimens and further 756 pieces of other types of specimen were 
tested. On every ring specimen crack time was measured. 

 

 

Fig.3. Stress formation in the cement stone ring 
specimen according to Banthia and Gupta ([1]) 

Fig.4. A crack on a ring specimen 

 

Fig.5. Cement stone ring specimens during the test 

Scientific results 

The relationship between the early age shrinkage cracking tendency and the early age 
compressive strength (at the age of 2 and 7 days) of the cement pastes is almost linear 
(Fig. 6-9.). The higher is the compressive strength the lower is the cracking time, 
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which indicates higher early age shrinkage cracking tendency. This is caused by the 
higher hydration rate of cements with higher strength, which causes higher 
autogenous shrinkage. Beside this, fineness of cement influences also the drying 
shrinkage of cement paste. Finer cement has higher compressive strength. Finer 
cement has higher specific surface, so it can absorb more mixing water on the surface 
of cement particles which increases drying shrinkage. So higher fineness of cement 
particles causes higher early age shrinkage cracking tendency of cement pastes/stones. 
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Crack time of cement pastes w/c= 0.44
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Fig. 6. Relationship between crack time of the 
cement paste rings and the compressive strength 
of the cement paste prisms at the age of 2 days 

(average of three specimens, w/c = 0.34) 

Fig. 7. Relationship between crack time of the 
cement paste rings and the compressive strength 
of the cement paste prisms at the age of 2 days 

(average of three specimens, w/c = 0.44) 
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Crack time of cement pastes w/c= 0.44
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Fig. 8. Relationship between crack time of the 
cement paste rings and the compressive strength 
of the cement paste prisms at the age of 7 days 

(average of three specimens, w/c = 0.34) 

Fig. 9. Relationship between crack time of the 
cement paste rings and the compressive strength 
of the cement paste prisms at the age of 7 days 

(average of three specimens, w/c = 0.44) 

Fineness and hydration rate of cement also influences the compressive strength of 
standard cement mortar. So there is a relationship between compressive strength of 
cement mortar and early age shrinkage cracking tendency of cement stone too. The 
relationship between the early age shrinkage cracking tendency of the cement pastes 
and the compressive strength of the standard cement mortar (at the age 28 days) is 
linear (Fig. 10-11.). 

Conclusions 

During concrete mix design the applied cement type is a determining parameter, 
which depends on many environmental parameters (weather conditions, temperature, 
applied technologies, strength, deformations, etc.). Based on the presented scientific 
results it is easier to choose the optimal cement type for normal concretes from the 
point of view of early age shrinkage cracking tendency.  

To measure early age shrinkage cracking tendency of cement types, ring tests were 
made with cement pastes (two w/c ratio were applied: 0.34 and 0.44). The variable 
parameter of different mixtures was the cement type. Cracking time was measured, 
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which indicated early age shrinkage cracking tendency of the sample. The longer is 
the cracking time the lower is the early age shrinkage cracking tendency. 

During the scientific research program it was found, that early age compressive 
strength of cement paste has a decisive influence on the early age shrinkage cracking 
tendency of the material. The higher is the compressive strength of the cement paste 
the higher is the crack time of the ring test, which is caused by the higher specific 
surface area of the high strength cement types. Strengthening rate of cement pastes 
enhances also autogenous shrinkage, so it increases early age shrinkage cracking 
tendency too. 

Due to the compressive strength of standard cement mortar is related to strengthening 
rate of the cement, there can be found a relationship between early age shrinkage 
cracking tendency of the cement type and the standard compressive strength of 
cement mortar too. The higher is the compressive strength of the standard cement 
mortar the higher is the crack time of the ring test on the cement pastes. This means 
cement types, which have higher compressive strength, have higher early age 
shrinkage cracking tendency too. It was found that for construction of concrete 
structures with low early age shrinkage cracking tendency, low-fineness and low-
strength cement types should be used. 
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Fig. 10. Relationship between crack time of the 
cement paste rings (average of three specimens, 
w/c = 0.34) and the compressive strength of the 

cement mortar prisms at the age of 28 days 
(average of three specimens, w/c = 0.50) 

Fig. 11. Relationship between crack time of the 
cement paste rings (average of three specimens, 
w/c = 0.44) and the compressive strength of the 

cement mortar prisms at the age of 28 days 
(average of three specimens, w/c = 0.50) 
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Degradation Dependent Stability Issues of Landfills 

Gabriella Varga 

 

Abstract 

Urbanization, economic growth, and the continuing improvement in living standards have all 
contributed to the increase of municipal solid waste. More waste coupled with increasing prices of land 
forced engineers to design higher and steeper landfills for better utilization. Changes in the size of 
landfills result in increased sheer strength (5). In the analysis of long term behaviour of landfills, slope 
stability analysis plays a major role because the gas and leachate pipes, and the monitoring and lining 
systems can easily get damaged. My research focuses on determining soil mechanics parameters of 
Hungarian waste bodies with regards to their degradation phase. 

Introduction  

Environment protection and conservation are very important in the 21st century [6]. 
This is even more important in waste management design and construction where 
deposition of heterogeneous waste must be achieved in a way that minimizes its 
environmental impact. Therefore positioning and construction of landfills, their day-
to-day maintenance as wells as their utilization are all very important in Hungary, the 
European Union, and all over the world. The heterogeneity of waste body makes it 
difficult for engineers to model its behaviour [3]. Age, unit weight, classification and 
compaction methods all influence mechanical behaviour of municipal solid waste 
(MSW) [8]. Nevertheless, detailed knowledge of waste properties is needed to predict 
the change of MSW shear properties over time.  

Bioreactor Process Overview and the Phases of Waste  
Decomposition 

Acceleration of the degradation of MSW is the primary function of the bioreactor 
landfill. This is achieved by enhanced biomechanical processes that transform and 
stabilize the decomposable organic waste. This reduces the standard 30- to 100-year 
degradation time of conventional landfills to 5 to 10 years. In bioreactor landfills the 
time needed for total consolidation decreases while the amount and the quality of 
biogas increases. With the accelerated degradation and consolidation the amount of 
waste that can be deposited is growing which has significant financial impact. The 
above advantages shift waste management to bioreactor landfill operation all over the 
world. A bioreactor landfill can be classified as anaerobic, aerobic or hybrid [7].  In 
order to achieve optimal moisture levels moisture is added to waste in anaerobic 
bioreactor landfills. A municipal solid waste landfill can be treated as a huge 
anaerobic bioreactor with degradable organic patterns. 

Pohland et. al. describe five distinct phases of waste decomposition [6].: 
- Phase I (lag phase). It is an acclimation period in which moisture starts 
accumulating and aerobic bacteria begins to consume the oxygen trapped in freshly 
deposited solid waste. 
- Phase II (transition phase). This is the first anaerobic phase where total 
volatile acid (TVA) reaches a detectable level and chemical oxygen demand (COD) 
increases. 
- Phase III (acid formation phase). The second anaerobic phase is characterized 
by microbial conversion of biodegradable organic content and the activity of 
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acidogenic bacteria increases.   
- Phase IV (Methane fermentation phase). In this phase intermediate acids are 
consumed by methanogenic bacteria and converted into methane and carbon dioxide. 
- Phase V (Maturation phase). A marked drop in landfill gas production, stable 
concentrations of leachate constituents, and the continued relatively slow degradation 
of recalcitrant organic matter characterize this phase. 

Laboratory tests 

In order to analyze long term behaviour of landfills it is a common practice to 
compare the results of field evaluations and laboratory tests with the results of 
computer-based modeling. Comparing the models applied in recent studies brings up 
numerous issues [4]. Studying landfill behaviour in a laboratory setting is a difficult 
task because the material to be analyzed is heterogeneous, and the largest diameter of 
particles is, depending on the landfill management technique, may go as high as 0.1 
meter to 1 meter. Therefore, the number of places where such laboratory tests can be 
performed are very limited. 

I have defined shear strength parameters for MSW samples of different degradation 
phases. 15 tests have been performed in a purpose-built, oversize (500 x 500 x 400 
mm) direct shear test equipment provided by the laboratory of Department of 
Geotechnics at the Budapest University of Technology and Economics. 

Results of direct shear tests 

With the advancement of degradation internal friction of waste greatly decreases, 
while the cohesion of waste decreases less significantly, which may result in stability 
problems for landfills. Table 1 shows a summary of my results based on 15 samples 
from the same site in 5 different degradation phases. 

Figure 1 shows the internal friction angle and cohesion in different degradation 
phases. Values change in an extended interval, which can be explained by the 
heterogeneous nature of municipal solid waste [2]. My results are in line with data 
from other similar studies [1]. 

Based on laboratory tests I have drawn up shear strength envelopes for waste with 
different density, composition, and degradation phase (Figure 2). This envelope helps 
to determine the safety factor of a landfill for the entire degradation process and the 
geometry of landfilling can be modified to take the current safety factor value into 
account. Using this table long-term stability of landfills can be calculated, stability 
problems can be avoided, which produces financial benefits as well. Based on these 
equations shear strength of waste can be calculated if the degradation phase is known. 

Pha-
se 

1 2 3 4 5 

Sam-
ple 

A B C D E F G H I J K L M N O 

φ(°) 34,86 35,99 35,42 26,78 28,4 22,92 23,08 22,35 23,46 21,49 21,74 21,92 21,09 20,32 19,77 

c 

(kPa) 
4,31 25,74 26,15 15,17 4,4 22,13 12,68 10,59 15,67 12,28 9,87 11,29 5,47 3,69 3,44 

Table 1 Internal friction angle and cohesion in different degradation phases 
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Numerical results and performance analysis 

Numerical tests were used to confirm that the degree of decomposition affects the 
stability of landfills [7]. I have compared literature recommendations with results 
coming from laboratory tests performed on Hungarian solid waste. My model divides 
the waste body into five layers according to the degree of decomposition. 

I used PLAXIS and GEOSLOPE program in my simulations then I compared their 
results. I have found that the factor of safety decreased significantly with the 
advancement of degradation. 

 

Fig. 1 Internal friction angle and cohesion of MSW for different degradation phases 
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Fig. 2 Shear strength envelope of MSW at different degradation phases 
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The results show (Figure 3) that the factors of safety computed from literature 
recommendation parameters are close to the 2nd or 3rd degree decomposition 
parameters determined by my simulations. With the advancement of decomposition, 
the factor of safety may be smaller than the results coming from literature 
recommended parameters, which may compromise the stability of landfill.  

Accordingly, I propose that the stability of bioreactors should be determined with 
shear strength parameters defined as a function of degradation (and time). Commonly 
applied fresh waste- or average-based parameters may generate unjustifiably high 
safety factors, which may result in unexpected stability problems. Literature 
recommendations should be treated uniquely in every landfill with careful 
considerations. 

Numerical simulations also have been performed to prove that the geometry of 
landfilling has a major impact on slope stability. In order to achieve the highest 
stability I recommend deposition strategies that respect the degradation phase of 
waste. 
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Fig. 3 Factor of safety in case of different recommendations as a function of 
degradation 

My model divided the waste body into five layers and two different geometries were 
simulated: parallel and staggered. I have used PLAXIS and GEOSLOPE program in 
my simulations then compared their results. I have found that the geometry of 
landfilling has a major impact on slope stability. 

In case of aslope landfilling technique the slope became unstable already in the first 
phase, while stability of the totally filled up landfill was sufficient. I conclude that 
stability calculations are very important in deposition procedure design, otherwise 
unexpected failures may happen. Based on my comparisons I conclude that the safety 
factor is higher in the staggered geometry in all stages of degradation. In the final 
stage when the whole waste body reaches the last degradation phase and waste 
structure under examination is uniform, the staggered landfill still showed a slightly 
higher safety factor. It shows that the geometry of landfilling technique plays a major 
role in its stability. I recommend the usage of staggered geometry for landfills. 

I have performed our simulations both with PLAXIS and GEOSLOPE. The results of 
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the two sets of simulations are very close despite their different approaches (Figure 4). 
It shows the reliability of the generated geotechnical model. 

Conclusions 

It is very important to formalize design guidelines suited for local conditions, evaluate 
the conditions of waste bodies in the country, and define their shear strength 
parameters. I have created a geotechnical model to determine the time (degree of 
degradation) dependent stability of bioreactor landfills. The model is suited for: 

- examining and optimizing the deposition strategy 
- predicting the time dependent changes of 

1. stability, 
2. potentially instable waste body , 
3. surface settlement. 

- creating a monitoring strategy and related alarm levels. 
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1. A brief description of the Géza Pattantyús-Ábrahám Doctoral School 
of Mechanical Sciences 

The doctoral school was established in 1994. The school integrates the research activities 
pursued in the Faculty of Mechanical Engineering, Budapest University of Technology 
and Economics. The scientific activities in the school are conducted in four main groups 
and 12 particular area covering the diversity of mechanical sciences. 

I. Materials and Manufacturing Science and Engineering 
a. Manufacturing 
b. Material Science and Engineering 
c. Polimer Engineering 

II. Design and Analysis of Mechanical Structures 
d. Applied Mechanics 
e. Design of Machines and Agricultural Machines 
f. Industrial Product Design 

III. Mechatronics 
g. Optics 
h. Mechanical Engineering Informatics 
i. Mechatronics and Control 

IV. Energetics and Process Engineering 
j. Energetics 
k. Fluid Mechanics 
l. Building Service and Process Engineering 

 

Since 1994 more than 200 students have successfully defended their PhD theses and have 
been awarded with the degree. Actually in Doctoral School the number of founding 
members is 16, the number of supervisors is 41 and the number of members is 92. The 
average number of PhD students is between 70 and 80. 

 

2. Research and development projects supported by TÁMOP-4.2.2/B-
10/1-2010-0009 
  

 
The 5 research projects supported by the TÁMOP were organized considering the 
scientific structure of the Doctoral School, the most successful actual topics were selected 
that may attract the most talented students and PhD students. 

 

2.1 New materials and their processing technologies 
 

The scope of the research is the development of new materials and their processing 
technologies, focusing mainly on bio-compatible and nano structural materials, and 
injection molding, welding and micro-machining technologies. As standard techniques 
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cannot always be used to investigate newly developed materials, there is a need for new 
testing methods, including the use of super computers and parallel processing techniques 
to exploit simulation possibilities. 

 

As a result of material development, fiber reinforced and nano reinforced polymer 
composites with superior mechanical properties are expected, such as biopolymers for 
medical use, intelligent (shape memory or self-healing) polymers, conducting polymers, 
etc. Regarding the metallic composites, innovation is focusing on the improvement of the 
processability of iron based powder metallurgy materials. Technology development is 
expected to yield optimal processing parameters and the improvement of simulation 
softwares. These results could lead us to new application areas, mainly in the medical and 
transport industries.. 

 

2.2 Researches for vehicle industry 

During the present period we have elaborated a new finite element model which provides 
opportunity to analyze the connection between a railway wheel-rail connection under the 
starting process. With the help of the worked out model the pressure distribution, the 
displacements and the strains can be examined between the connecting elements under 
pure rolling conditions. The extension of the sticking and sliding zones in the contact area 
can be analyzed with the elaborated model. A modified model has been created too, 
which provides opportunity to examine the pressure distribution, the displacements and 
the strains between the railway wheel-rail connection when (1-2%) partial slip occurs and 
the contact area can be divided into a smaller sticking zone and a larger sliding zone. 

 

2.3 Investigations in dynamics 

The primary goal of the recent research project was the experimental and numerical 
analysis of nonlinear dynamical contact problems that are related to cutting. The most 
important practical task in the framework of this topic is the determination of the cutting 
force characteristic and the parameter domains of stable milling or turning. As the first 
step of the research work, a numerical code was compiled for the calculation of the modal 
parameters of machine tools. The implemented software was tested via experimental 
modal analysis. Two numerical methods were elaborated for the stability analysis of 
milling – both were verified by the performed experiments. The examination of the 
digital stabilization of the cutting process was also started by a supervised student. Based 
on the achieved results, the efficiency of the cutting process can be increased 
significantly. 

 

2.4 Etho-robotics 

The aim of ETHO-ROBOT proposal is to place the relation of human and computing 
system on a new, ethologically inspired base. 
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So far, when designing computing systems mainly ergonomic and psychological aspects 
were taken into consideration to form the human-system relationship. Since computing 
devices perform an inferior role to their human user, we consider that a more successful 
human-system relationship could be set up if the communication and interaction between 
them were based on ethological aspects. The aim of this proposal is to work out this 
paradigm shift, considering philosophical, epistemological, mathematical and 
implementation aspects. 

ETHO-ROBOT project takes the abstract ethological model of the 20,000 year old 
human-dog relationship as the base of the human- computing system interaction. The 
mathematical description of the dog’s attachment behaviour towards its owner is an 
essential aspect of setting up the ethological communication model. 

People feel often attached to their articles for personal use (phone, car, etc.). Turning this 
- currently unilateral  attachment - into a  bilateral relationship can bring not only  
obvious marketing advantages but  also would open new prospects. For example in 
eldercare, which is getting an increasing role in today's aging societies. We consider that 
the new paradigm could open new perspectives in remote care and diagnostics as elderly 
people could easier accept the engineering solutions offered by the ethological approach. 
In the proposal related ethical matters are clarified as well. ETHO-ROBOT project aims 
to answer questions of basic research that can serve as basis of the methodology of the 
new paradigm: 

• To analyse issues of system theory: observability of the model based on 
ethological tests and to make recommendation for ethologists in order to let 
engineers design the best ethomodel. 

• To choose the most suitable instruments of mathematics and system theory to 
implement the ethomodel based on abstract ethological models.  

• To design the connection of the system peripheries and the „ethomodel”.  

• To build an adaptive “ethomodel” with learning abilities and to elaborate the 
mathematical background of adaptivity and learning.  

• To answer engineering and implementation questions in some concrete 
application.  

In the project three senior researchers from distinct disciplines (Ethology, Fuzzy, Robot 
and Control Theory) would take part. The research would be carried out in the frame of 
Japanese-Hungarian international cooperation. In the project different age-groups, from 
students upto senior researchers would participate.  

 

2.5 Basic Research on thermo mechanics and fluid mechanics 

The research program covers a huge range of investigations. There are projects only of 
analytical or numerical activities, like simulation and detection of vortex fields with 
Large Eddy Simulation or CFD simulation of flows around buildings, in fans, air 
pollution propagation in cities, etc. Thermal processes are studied with coupled flow and 
thermal simulations, like the flow in heat exchanger. 
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Another kind of investigation needs both experimental and numerical work. One example 
is the flow in cyclone, which is filled with Bingham-plastic fluid. The numerical 
simulation in open surface cyclone is already for Newtonian fluid non-trivial; therefore 
numerical results can be applied for Bingham-plastic fluid only with experimental 
control. In the experiments the velocity field is measured with LDA technique and are 
compared with numerical results. 
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PROPERTIES OF POLYMER COMPOSITES 
CONTAINING HYBRID FILLERS 

 

Anett Király 
 
 

Ferenc Ronkay 
 

Abstract: Conducting composites based on graphite (G), carbon black (CB), carbon nanotubes (CNT) 
and polypropylene (PP) have been prepared and the effect of composition on the flexural modulus and 
electrical conductivity has been studied. Keeping the graphite content constant and varying only the ratio of 
carbon black and nanotubes within the mixture the conductivity varied according to an exponential, the 
flexural modulus according to a linear mixture rule. The flexural strength and impact strength values 
changed similarly with the variation of CNT proportion, the graphite content has less influence on these 
properties than on conductivity or rigidity. 
 
Keywords: graphite; carbon black; carbon nanotubes, electrical conductivity 
 
INTRODUCTION 

Development of conductive polymers is becoming more and more popular. Due to 
their corrosion resistance and low density they may replace metals in several applications, 
thus improving the life span of various equipments. Significant weight reduction can be 
achieved by their use, accompanied by cost reduction. 

Most frequently used fillers to increase the conductivity include graphite, carbon 
black and carbon nanotubes [1-12]. Due to their various particle sizes and specific areas 
they can saturate the matrices in different proportions therefore their maximum filling 
values can be very different. By adding only one of the mentioned fillers it is not possible 
to achieve a proper increase of conductivity, because of this reason it is better to use 
hybrid fillers. 

Above the percolation threshold, in case of polypropylene matrix and graphite filler 
the conductivity increases significantly. For example at 80 vol% 50-150 S/cm 
conductivity can be achieved [6,7]. Carbon black is a typically amorphous form of carbon 
of about 50 nm diameter, which tends to form aggregates of about 250 nm size [8]. If 
using carbon black in polypropylene matrix, above the percolation threshold an 
increasing conductivity value is observed in the 2-10 vol% range. Above this value, 
however, no further significant improvement can be achieved. In the case of carbon 
nanotube filled polypropylene composites the percolation threshold may vary 
considerably because of the strong aggregation tendency of the nanotubes. According to 
the experiments the percolation threshold value is in the range of 0.4-2.6 w% nanotube 
content, depending on the processing method and its parameters [11-12]. The maximum, 
0.5-2 S/cm conductivity value is achieved at a CNT filling level of 9-10 w% [13]. 

The goal of this study is to investigate the interactions of various conductive fillers 
in polypropylene matrix, from the viewpoints of conductivity and mechanical properties.  
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MATERIALS 
Tipplen H949A polypropylene (TVK, Hungary) with an MFR value of 45g/10 min 

was used as a matrix material in the experiments. Graphite powder which was used to 
increase the conductivity (Carbosint Ltd. Hungary) was a crystalline natural graphite. 
Furthermore carbon black (Ketjenblack EC-600 JD, Akzo Nobel) and multi-walled 
carbon nanotube (Baytubes C150P, Bayer) was used.   

The various compositions were mixed by a Brabender internal mixer at 240ºC for 
12 min at 25 rpm. From the melt-mixed materials 2 mm thick plates were compression 
molded at 250°C and 160 bar using a Collin P 200E platen press.  

5 and 10 vol% carbon black/carbon nanotube mixtures were used at two different, 
constant levels of graphite (0 and 20 vol%). In the carbon black/carbon nanotube 
mixtures the ratio of the two fillers was varied by 20% steps between 0% and 100% 
carbon nanotube content. 

 
TEST METHODS 

The conductivity was measured by a four probe resistivity test using an Agilent 
4333B type milliohmmeter device. 

Three point bending tests were performed on a Zwick Z020 type universal tester 
with 64 mm span length, at 5 mm/min deformation rate, at room temperature (23 ± 1°C).  

Impact strength tests were made using a CEAST Resil Impactor Junior equipment 
with 2 J hammer, at room temperature. 
 

  
 

a) b) 

Fig.1. Conductivity changes of composites filled with various conductive fillers in a 
logarithmic scale (a: composites containing 5 vol% MWCNT/CB mixture; b: composites 

containing 10 vol% MWCNT/CB mixture) 
 
CHANGES OF THE CONDUCTIVITY 

 Figure 1 shows the changes of conductivity of composite samples containing 0 
and 20 vol% graphite and 5 and 10 vol% CB-MWCNT mixtures (in various proportions). 
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At high graphite content the conductivity is high, it decreases with increasing nanotube 
fraction (the conductivity of the sample containing only carbon nanotube could not be 
measured) according to the exponential mixture rule (1) at all three graphite contents  

 









=
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σ
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where σc is the conductivity of the composite, σCB is the conductivity of the material 
containing carbon black alone, σMWCNT is that of the material containing nanotube alone, 
VCNT is the volume fraction of the nanotube within the carbon black-nanotube mixture. 
 

It can be observed that in comparison to samples containing graphite only (Fig. 1.) 
both CB and MWCNT, and various combinations thereof increased the conductivity, but 
no synergetic effect was observed for materials containing both CB and MWCNT.  

 
MECHANICAL PROPERTIES 

The results of the bending tests are summarized in Figures 2 and 3. As shown by 
Fig. 2, the flexural strength value is increased to a similar degree (with the exception of 
100% MWCNT), independently of the fact whether 5 or 10 vol% CB-MWCNT mixture 
is present in the material. 

At the composition containing 5 vol% CB-MWCNT additive an increase is 
observed at 40 vol% MWCNT fraction at all three graphite concentrations (Fig. 2). As 
this trend can be observed also in materials without graphite, it is not the consequence of 
graphite addition, but is caused by the variation of the CB-MWCNT proportion.  

On Figure 2 small setback can be observed at 80% MWCNT fraction for the 
composites, followed by an increase at 100% MWCNT fraction. 

 

   
a) b) 

Fig.2. Changes of the flexural strength in composites filled with conductive filler 
combinations of various compositions (a: composites containing 5 vol% MWCNT/CB 

mixture; b: composites containing 10 vol% MWCNT/CB mixture) 
 

Figure 3 shows the changes of the flexural modulus as a function of the MWCNT 
fraction. The curves exhibit a linearly decreasing trend according to equation (2).  
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where EC is the flexural modulus of elasticity of the composite, ECB is that of the material 
containing carbon black, EMWCNT is that containing nanotubes alone, while VMWCNT is the 
volume fraction of the carbon nanotube within the carbon black – carbon nanotube 
mixture. 
 

     
a) b) 

Fig.3. Changes of the flexural modulus in composites filled with conductive filler 
combinations of various compositions (a: composites containing 5 vol% MWCNT/CB 

mixture; b: composites containing 10 vol% MWCNT/CB mixture) 
 

Results of the impact strength tests are shown in Figure 4. The trend of the curves 
resembles that of the flexural strength curves plotted on Figure 2, but, due to the low 
impact strength values the absolute differences are smaller, the results vary within the 
1.5-2.5 kJ/m2 range for all graphite contents. 

 

 

a) b)  

Fig.4. Changes of the impact strength in composites filled with conductive filler 
combinations of various compositions (a: composites containing 5 vol% MWCNT/CB 

mixture; b: composites containing 10 vol% MWCNT/CB mixture) 
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CONCLUSION 

In this work conductive composites based on graphite, carbon black, carbon 
nanotubes and polypropylene have been prepared and the effect of composition on the 
mechanical properties and electrical conductivity has been studied. The proportion of 
added carbon black and carbon nanotube was studied at various graphite contents. 
Conductivity decreased exponentially, the flexural modulus of elasticity also decreases 
according to the linear mixture rule with the MWCNT ratio at all graphite contents. The 
decrease of conductivity was less intensive with increasing graphite contents, while the 
decrease of the flexural modulus became more intense. 

The flexural strength and impact strength values changed similarly with the 
variation of MWCNT proportion. In case of 5 vol% added CB-MWCNT mixture the 
values increased somewhat at 40 % MWCNT fraction, while at 10 vol% CB-MWCNT 
content not unambiguous trend can be observed when varying the MWCNT proportion. 
In the case of the studied hybrid composites the graphite content has less influence on 
these properties than on conductivity or rigidity. 
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Mixed Friction Of Windscreen Wiper: Numerical Analysis 
Gábor Bódai, Tibor Goda 

 

Abstract One-dimensional, steady-state numerical model has been developed to analyze mixed friction 
of a commercial windscreen wiper blade. The model takes into consideration the effect of surface 
roughness, elastic deformations, and cavitation, respectively. The water as lubricating material is 
considered to be Newtonian and incompressible. Typical outputs of the numerical simulation are the 
contact pressure distribution due to solid-solid interaction, the pressure distribution within the lubricating 
film (fluid pressure), and the fluid film thickness (separation). According to authors’ best knowledge such a 
simulation has not been reported in the literature yet. 

Keywords Rubber, Windscreen wiper, Mixed friction, Numerical analysis 

 

Introduction  

In [1], a novel windscreen wiper-on-cylinder machine (see Figure 1) was used to 
investigate the influence of sliding speed and normal force on the coefficient of friction. 
By using this machine it is possible to measure the friction force not only on specimen 
level, as in former studies (see for example [2, 3]), but also on structural level. In [1], it 
was found that experimental results are strongly affected by the eccentricity and real, 
non-circular cross section of the glass cylinder. In presence of water, experiments showed 
that the coefficient of friction decreases as the normal force as well as the sliding speed 
increases. In the last few years, great effort was taken to develop numerical models for 
analysis of mixed friction in rubber components (see [4,5]). These models consist of 
coupled fluid mechanics, deformation mechanics, and contact mechanics analyses. The 
fluid mechanics analysis deals with the solution of Reynolds equation, using flow factors 
to take into account the effect of surface roughness. At the same time, the deformation of 
rubber component is computed numerically through the use of influence coefficients (see 
[5]) or analytically by applying the theory of elasticity. [4] and [5] consider the fluid to be 
Newtonian with pressure dependent viscosity and take into consideration also the effect 
of cavitation. In the model proposed by Salant et al [5], the surface roughness effect is 
modeled by the Greenwood-Williamson (GW) contact model, which assumes a rigid 
substrate surface covered with flexible asperities having a radius R and Gaussian 
distribution.  On the contrary [4] uses a very recent contact theory for the same purpose 
which was developed for the contact between a rigid solid with isotropic surface 
roughness having many different length scales (self-affine fractal surface) and an elastic 
block with ideally flat surface. A comparison of these contact theories can be seen in [1], 
while for the application of Salant’s mixed friction model [6] shows an example.  

In the current study, Salant’s approach is adopted where the deformation of rubber 
component is computed through a separate FE model. With this approach, we can take 
into consideration the real geometry of wiper blade and it is not needed to replace it, for 
example, with a half cylinder as in [4]. Our main aim is to analyze the tribological 
behaviour of water lubricated windscreen wiper blade and predict the fluid pressure in the 
lubricating film, the pressure distribution due to asperity contacts (contact pressure) and 
the separation of contacting surfaces. Namely, in the mixed lubrication regime, one part 
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of the normal load is carried by the lubricating film, while the rest is carried by asperity 
contacts. 

 

 

Figure 1. The “Windscreen wiper on rotating cylinder” test apparatus. 

 

1. Finite Element Analysis 

In this study, the coupling between fluid mechanics and deformation mechanics is 
handled with the inverse hydrodynamic theory. According to this theory the sum of fluid 
and contact pressure is assumed to be known and equal to the static contact pressure 
distribution computed by a macroscopic FE model. Such a macroscopic FE model 
assumes that contacting surfaces are dry and smooth, as well as the sliding speed is zero. 
This is why the static interference usually much larger than the additional deformations 
due to the hydrodynamic pressure. 

 

1.1. Static contact pressure distribution 

For the computation of static contact pressure distribution a two-dimensional, plane strain 
FE model was used. The average element size in the contact area was about 3 µm. The 
FE model and the deformed shape of wiper blade are shown in Figure 2. As Figure 2 
shows the FE model consists of deformable as well as rigid bodies. The numbers in 
circles denote the rigid bodies while the arrows represent their motion. The motion of 
rigid bodies is controlled by time curves. The first two rigid bodies are used to simulate 
the fixture of soft rubber blade while the third one represents the rotating glass cylinder. 
Additionally it was assumed that rubber obeys the Hooke law (E=12 MPa, ν=0.48) and 
the contacting surfaces are smooth and frictionless. 
During the simulation the wiper blade was pressed against the rotating glass cylinder by 
prescribed vertical displacement measured from the position where the blade touches first 
the cylinder. In the current study, the vertical displacement of wiper blade was 1.8mm. 
As it was concluded in [1] the normal force acting on the wiper blade varies continuously 
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as the glass cylinder rotates. This is why the glass cylinder has some eccentricity and its 
cross section is not an ideal circle. 
 

(a) 
 

(b) 

Figure 2. (a) The FE model and (b) the deformed shape of wiper blade. (The arrow in 
Figure 2b shows the rotational direction of glass cylinder.) 

 
The calculated pressure distributions in function of angular position of the glass cylinder 
are shown in Figure 3. It can be seen clearly that not only the maximum of contact 
pressure but also the width of contact area vary in function of angular position (φ) of the 
glass cylinder. The peak pressure ranges from 1.6 to 1.9 MPa, while the width of the 
contact area varies between 0.15 and 0.3 mm. The x-axis in Figure 3 is the same as the 
one in Figure 2 i.e. the x-axis shows against the rotational direction of the cylinder. 
 

(a) (b) 
Figure 3. Static contact pressure distributions computed at different φ: (a) φ=0, 36, 72, 

108, 144, 180, 216, 252, 288, 324, 360°, (b) φ=0, 216 and 252°. 

 

1.2. Influence coefficient matrix  

In order to determine the film thickness distribution, it is necessary to compute the elastic 
deformation of the wiper blade normal to the common surface tangent. Similar to [5] the 
influence coefficient method has been chosen for this purpose. This method states that the 
deformation at any location within the nominal contact area is proportional to the forces 
applied at every location. The “influence coefficients” are collected in the influence 
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coefficient matrix (I). A single coefficient of the matrix (Iik) shows the normal 
displacement at the ith node due to a force (F) (corresponding to a unit pressure) applied 
at the jth node. 
Elements of the influence coefficient matrix were computed using a separate two-
dimensional, plane strain FE model. In the present case, the number of nodes located 
within the contact areas were 35 (φ=0°), 43 (φ=216°) and 87 (φ=252°), respectively. 
Thus the distances between two neighboring nodes varied between 3 and 4.5 µm. The 
nodal force acting at each node was 0.0001 N which corresponds to a pressure of 
0.025 MPa in respect of one element. The influence matrix computed at φ=216° is 
depicted in Figure 4. 
 

 
Figure 4. Graphical representation of the influence coefficients. 

 

2. Mixed Friction Model 

Since the detailed description of mixed friction model used in the current study can be 
found in [5] and [6] here it is described briefly only. The solid-solid interaction of rough 
surfaces is modeled by the Greenwood-Williamson (GW) contact model while the fluid 
flow is determined by a universal, steady-state, dimensionless Reynolds equation. 
Parameters of the GW contact model were as follows: RMS roughness=1 μm, asperity 
radius=1 µm, asperity density=1013 1/m2. The universal, dimensionless Reynolds 
equation can be written as 
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 is the dimensionless axial coordinate (

L
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x̂ = ,where L is the length of the solution 

domain in x-direction), U is the sliding speed, η0 is the dynamic viscosity at ambient 
pressure , σ is the RMS roughness, pa is the ambient or atmospheric pressure, ĥ  is the 
dimensionless nominal film thickness ( ĥ h /= σ ), α̂  is the dimensionless pressure-viscosity 

coefficient ( apˆ ⋅α=α ), φx is the pressure flow factor, scxφ  is the shear flow factor, TH  is 

the dimensionless average gap ( σ
= T

T

h
H

), F is the cavitation index, and φ is a universal 
variable. 
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Since the wiper blade is very long (its length is more than 600 mm) and the film thickness 
is very small the flow is considered to be one-dimensional (there is no side flow). Thus, 
the computational domain (nominal contact area) is a line along the x axis, which is 
covered by uniform, one-dimensional finite difference mesh. Similar to [4] the pressure is 
measured relative to the atmospheric pressure i.e. the atmospheric or ambient pressure on 
both sides of wiper blade is 0 MPa. 
Eq. 1 was discretized using a control volume finite difference scheme. The discretized 
form of Eq. 1 is solved by iteration for ∏ and F. At the beginning of the iteration it was 
assumed that there is no cavitation inside the solution domain and the pressure is equal to 
the atmospheric pressure at these locations. The reason why iteration is needed is that the 
pressure field induces elastic deformations in the wiper blade that directly modify the 
film thickness distribution. At the same time, this modifies the Reynolds equation used 
for the computation of a new pressure field. Additionally, two inner iterations are needed 
to calculate the locations of the cavitated regions and to handle non-linearity caused by 
pressure-dependent viscosity. 
After the computation of static contact pressure distribution as a next step the static film 
thickness distribution was calculated by using the Greenwood-Williamson contact model. 
At this point, it was assumed that the contact pressure is the static contact pressure and 
the distance between the mean planes of contacting rough surfaces was calculated. 
During the solution of the coupled problem the static film thickness distribution was used 
as the initial value of film thickness. 
 

3. Results 

The mixed friction model was solved under the following conditions: (a) sliding speed is 
U=0.3 and 3 m/s, (b) dynamic viscosity of water at atmospheric pressure is η0=0.001 Pas. 
In Figure 5, the computed contact pressure distribution, fluid pressure distribution and 
separation can be seen for sliding speed of U=0.3 m/s, and increasing viscosity η0=0.001, 
and 0.1 Pas. It can be concluded that the gap between contacting surfaces first converges 
(this is where the lubricant enter into the gap formed by the wiper lip and the surface of 
the glass cylinder) then diverges in the direction corresponding to the sliding speed (see 
Figure 2b, where the direction of speed vector and axis x is opposite). According to this, 
cavitation occurs at small x coordinates only where the gap is diverging. In the current 
simulations, the cavitated region of contact area is characterized by zero fluid pressure. 
Figure 5 shows clearly that the hydrodynamic effect becomes stronger as the viscosity 
increases. In presence of water (η0=0.001 Pas) practically there is no difference between 
the static contact pressure distribution and the contact pressure distribution due the very 
low fluid pressure. The fluid pressure reaches its maximum value at x=0.1 mm which is 
in the middle of converging gap region. However, the contact pressure remains much 
larger than the fluid pressure even in case of higher viscosity which proves that the 
sliding speed is not high enough to cause fluid film lubrication.  
 

BME 2012 | Proceedings of PhD Workshops

43



 

  
 (a) (b) 

Figure 5. (a) Contact pressure distribution, fluid pressure distribution and (b) separation 
computed at an angular position of φ=0°. 

 

  

(a) (b) 
Figure 6. (a) Contact pressure distribution, fluid pressure distribution and (b) separation 

computed at an angular position of φ=216o.  

 

  

(a) (b) 
Figure 7. (a) Contact pressure distribution, fluid pressure distribution and (b) separation 

computed at an angular position of φ=252o. 

 
Figure 6 shows the computational results for φ=216o. In this case, the viscosity is kept 
constant but the sliding speed has been varied between a lower and an upper limit values 
(0.3 and 3 m/s). As it can be seen the increase in sliding speed has negligible effect on 
fluid pressure because of the low dynamic viscosity of water. 
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Finally, Figure 7 shows the computed results for φ=252o. Comparing these curves to 
former ones we can conclude that the converging gap region is much longer while the 
cavitated region is much smaller. At the same time majority of the normal load is carried 
by asperity type contacts. 
 

4. Conclusions 

A one-dimensional numerical model taking into consideration cavitation, surface 
roughness, elastic deformations and pressure-dependent viscosity has been developed for 
the analysis of mixed friction in commercial windscreen wipers. In addition to the 
separation, the fluid pressure distribution and the contact pressure distribution have also 
been computed. 
It is found that majority of normal force is carried by asperity type contacts independently 
the magnitude of sliding speed. In order to verify these first results it is planned to repeat 
all the computations by replacing the GW contact model with the Persson contact theory. 
Namely, as it was concluded in [1], the two contact theories result in drastically different 
values for the separation. 
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simulation models of manufacturing system layout variants 
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Abstract 
Within the COPERNICO European research project BME is responsible for developing computer aided 
tools to support several tasks of manufacturing system layout design. Our aim is to develop a 
manufacturing system configurator that is able to automatically create the simulation models of various 
manufacturing system layout variants. It means that the product mix can be defined, the production process 
can be described, the type of production systems, the type of the material handling systems, and the layout 
type can be selected, and then the discrete event simulation model of the manufacturing system can be 
automatically or semi-automatically created. The paper presents the current version of the configurator and 
some examples of automatically created simulation models. 

Introduction 

Nowadays, production companies should be able to quickly re-design their factories in 
order to remain competitive in the dynamically changing market. However, the 
reorganisation is an expensive process, which takes valuable time away from production 
and often requires implementation of untested technologies and systems as well. For a 
company to remain competitive the best manufacturing system layout is needed to be 
selected, which depends on the product mix and the production volume. Moreover, the 
corresponding manufacturing technologies, layouts of production equipment, control 
strategies of material flow and re-engineering of processes are essential for achieving the 
optimal solution. To implement all of these, integrated models should be developed that 
represent the products, processes and manufacturing equipment in a virtual environment, 
and it can be tested and improved until the optimal manufacturing system based on 
specific objectives can be found. The COPERNICO research project aims to achieve 
these goals, among others [1]. The major objectives of the project are to develop a 
cladistics based classification system of manufacturing systems; to develop a 
manufacturing system ontology; and to develop software tools to support the rapid design 
and evaluation of manufacturing systems. Within this project BME is responsible for 
developing computer aided tools to support several tasks of manufacturing system layout 
design (e.g. layout planning, spatial arrangement of equipment, selection of appropriate 
control logic, scheduling, material flow path optimisation, etc.). The tasks of BME are to 
identify the layout sub-types of manufacturing systems and to develop manufacturing 
system configurators that are able to automatically or semi-automatically create the 3D 
layout as well as the discrete event simulation (DES) models of various layout variants. 
This paper presents the current results of the development of the DES configurator 
software. Currently, the following layout types have been implemented in the DES 
configurator: 
� FMC Robot centred (FMC – Flexible Manufacturing Cell); 
� Continuous Mechanised Line; 
� FMS Line Layout (FMS – Flexible Manufacturing System); and 
� Continuous Conveyor Line. 
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For these layout types several sub-types have been defined to which simulation models 
can be automatically created by the configurator. 

Configurator for simulation models of manufacturing systems 

Our aim is to develop a manufacturing system configurator that is able to automatically 
create the DES models of various manufacturing system layout variants. It means that the 
production process (e.g. type and order of operations) can be described, the type of 
production systems (e.g. workstations, machine tools), the type of the material flow 
solutions and the material handling systems (e.g. robots, conveyors), and the layout type 
can be selected, the product mix can be defined, the scheduling strategy can be chosen, 
then arrangement of the manufacturing system components and the complete DES model 
of the manufacturing system can be automatically or semi-automatically created. The 
configurator is being developed under the Siemens Tecnomatix Plant Simulation DES 
system. The first version of the configurator is driven by manual user data input. Later on 
several data – such as layout type or number of machines – will be automatically 
determined with the help of a manufacturing system ontology that is also under 
development within the COPERNICO project. The modules of the Configurator are the 
following (Fig.1.). The first module of the configurator is to configure the products to be 
produced. The second module is to configure of the production stations/equipment where 
the user can specify the process time table and setup time matrix for each product, from 
which the components of the manufacturing system model will be automatically 
parameterised. The third module is to select the type of the manufacturing system layout 
that is based on a cladistics classification system. Each type (species) has some “sub-
types” (sub-species) and/or variations that can be further selected in the window after 
pressing the button ‘Advanced’. Through this module the functional simulation model of 
the system, which is defined by the user with the other modules, can be created easily. 

 

     

Fig.1.  First version of the configurator (‘Layout type’ module and ‘Advanced’ dialog) 

It is important to note that the simulation models created by the configurator contain not 
only topological information but specific control logics as well; therefore, the created 
models are executable and can be tested instantly. Additional modules are planned to be 
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developed, such as utilities to modify existing layouts, a module to optimise the layouts 
based on specific evaluation criteria, or a module to quickly select and set up some 
control logic options and basic scheduling methods. 

Some examples of automatically created simulation models 

In this section, two examples of automatically created simulation models will be 
demonstrated. By using the current version of the configurator, several parameters can be 
defined as follows: product varieties and their numbers, type of the workstations and their 
numbers, process and setup times, and the type of the manufacturing system layout. The 
first simulation model is an ‘FMS Line Layout’ as shown below in Fig.2. The main 
elements of the model are: 
� there are three FMS Line Layouts in parallel (SUBLayout); 
� manufacturing system elements: conveyor (Line), machines (Station), robots 

(PickAndPlace); 
� data table of products scheduling (Delivery), definitions of the products (P1-P8); 
� data tables of the setup times and process times (SetupMatrix, ProcTime); 
� other elements: input and output (Source and Drain), and the associated counters (IN, 

OUT), event controller (EventController), and methods to control the material flow 
(marked with M icons). 

The simulation model operates as follows. Each robot moves the arriving product from 
the conveyor to the corresponding station. When the station is finished, the robot moves 
the product back to the conveyor, and it is repeated. A control logic is also built into the 
model, which manages that if the station is finished and the robot has put the product 
back to the conveyor, the robot can take a new piece from the conveyor. If the next part 
of the conveyor is full, then the robot will wait until a slot is released. 

 
Fig.2.  ‘FMS Line Layout’ simulation model created by the configurator 
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The second simulation model is an ‘FMC Robot centred’ layout as shown below in Fig.3. 
The main elements of the model are: 
� manufacturing system elements: machines (Station), a portal robot (PortalCrane); 
� data table of products scheduling (Delivery), definitions of the products (P1-P4); 
� data tables of the setup times and process times (SetupMatrix, ProcTime); 
� other elements: input and output (Source and Drain), and the associated counters (IN, 

OUT), event controller (EventController), and a method to control the material 
handling of the robot (marked with M icon). 

The simulation model operates as follows. The robot moves the arriving product from left 
to right. When a station finished, the robot moves the product to the next station. The 
built in control logic manages that the robot waits until the following station is released. 

 
Fig.3.  ‘FMC Robot centred’ layout simulation model created by the configurator 

Conclusions 

Our configurator is able to automatically create the simulation models of several 
manufacturing system layout variants. The configurator is currently driven by manual 
user data input, but later on several data – such as layout type or number of machines – 
will be automatically determined with the help of a manufacturing system ontology that is 
under development in the framework of the project COPERNICO as well. The following 
extensions of the current configurator are planned: 
� Inclusion of additional layout types (species) and looking for their sub-types (sub-

species), and development of methods to create simulation models for them;  
� Development of layout design utilities to modify existing layouts;  
� Development of methods and tools for the optimisation of some parameters of the 

created simulation models;  
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� Development of methods to configure control logic and basic scheduling methods for 
the simulation models. 
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Abstract: The goal was to compare 4 different type reconstruction plate fixation technology in case of 
prophylactic internal fixation, focusing on stability. We examined unilocking and bicortical screw fixation 
methods with T-shaped and straight plates. These fixations were used for demonstration in other studies 
using human and animal models as well. In this study we performed finite element analysis (FEA) on a 
sheep tibia model with osteotomy defects to demonstrate certain clinical situations on the human radius. 4-
point bending was done on the models giving superior result with the straight 3.5mm stainless steel 
unilocking plate. 

 
Keywords: FEA, biomechanics, tibia, fixation 

 
1. Introduction 
 There is a limited amount of results on cadaveric biomechanical analysis due to 
ethical, technical and hygiene reasons. The finite element analysis (FEA) – as more 
recent technique – has a great potential to augment the understanding on, bypassing these 
limitations. This is the case for examinations on prophylactic internal fixation (PIF) on 
the of the radial osteocutaneous free flap donor site with the surgical plate fixation. 
Retrospectively the frequency of fractures without reinforcement is reported to be 
between 15-25%. 

The geometrical model of the tibia used constructed based on Computer 
Tomography (CT) data, and the 4 point bending examination in FEA prepared applying 
boundary conditions used in standard and corresponding previous studies.  

The von Mises stresses stress criteria was applied for evaluating the resultant high 
stress around at the resection lines and at the closest screw holes near to the resections.  
2. Methods 

Initially 4 different bone implant plate were selected and modelled with the 
adherent screws. Three were uni-lock systems which means there are threads on the hole 
surface at the plates (titanium T-shaped radial locking compression plates (LCP) in 2.4 
mm and 3.5 mm thickness, 3.5 mm stainless steel straight LCP plate) and the 4th plate 
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utilized bicortical non-locking screw fixation (3.5 mm stainless steel straight dynamic 
compression plate (DCP)) (SYNTHES, UK) (Table 1). 
 
Table 1 

 T-plates Straight plates 

Type of plate 3.5 mm T- plate1 2.4 mm T- plate 3.5 mm DCP plate 
3.5 mm LCP 

plate 

Thickness 3.5 mm 2.4 mm 3.5 mm 3.5 mm 

18Cr-14Ni-2.5Mo 
18Cr-14Ni-2.5 

Mo Plate materials TiCP TiCP 
Stainless Steel Stainless Steel 

Young Modulus 
(GPa) 

103 103 186 186 

Poisson ratio 0.3 0.3 0.3 0.3 

Screw – bone 
engagement  

unicortical unicortical Bicortical Unicortical 

Screw - plate 
fixation 

locking locking non-locking locking 

Screw materials Ti-6Al-7Nb Ti-6Al-7Nb 
18Cr-14Ni-2.5 Mo 

Stainless Steel 

18Cr-14Ni-
2.5Mo Stainless 

Steel 
Young Modulus 
(GPa) 

105 105 186 186 

Poisson ratio 0.3 0.3 0.3 0.3 

Screw diameter 2.4 & 3.5 mm 2.4 mm 3.5 mm 3.5 mm 

   

 
Fig.1. Overview of T-shaped titanium plate over the defect and in the anterior position 

 
The ProEngineer Wildfire 5 CAD software environment were used for implant and 

defect modelling. The tibia model that we used based on computerized tomography 
scanner (Toshiba, Aquilion) data. The geometrical reconstruction was performed with 
ImageJ 1.42q software and software from DICOM data.  

10-node quadratic tetrahedron elements were used to build the mesh within Abaqus 
(Simulia, Providence, RI, US). For the material assignment of the material properties the 
mesh of the assembled constructs were reimported in to Mimics.  

For defining the mechanical elastic properties of the tibia model the radiographic 
density data were used after validation method preferred by our team [1]. The correlation 
between the HU unit (bone density) and the material density was defined based on 
validated data . 

density ρ = 0.000732 x HU + 0.112715 [g/cm3]   (1) 
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The linear elastic modulus ( E) is function of the bone density  (ρ) by right of the 
literature  

       E = 10500 x ρ 2.29 [MPa]                    
(2) 

The complete HU was decomposed into 100 different equal parts. These were 
allocated for the material definition for each separate isotropic, linear tetra elements. This 
preparation resulted in a non-homogenous model material property. The 0.3 value was set 
for Poisson ratio.   
  Orphan mesh was used to rebuild the FEA model in Abaqus. For the 4-point 
bending compression tests 4 main area were defined on every model to set the boundary 
condition and load parameters that based on earlier biomechanical studies. The settings 
can be seen on Fig. 3. The superior von Mises stress values with the corresponding 
principle stress values were collected.  

 

 
Fig.3. Boundary conditions and loads on osteotomized tibia 

 
400N preload values were applied on each individual screw in case of DCP plate 

simulation because of the non-locking technique.  
The locking screws were modelled in a direct (non-limited) contact manner, and the 

non-locking screws were friction gripped using a recommended coefficient of 0.3. The 
goal was to find the strongest forms of reinforcement. 
3. Results 

The highest von Mises values were located around the screws closest to the defect 
and at angles of the osteotomy defects endings. This is consistent with previous 
biomechanical studies. [2, 9, 10] Data was collected and compared from these areas.  
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Fig. 4. Von Mises stress and region signings in the bone in case of 4-point bending with 

T-shaped radial locking compression plate (LCP) 
 
Table 2 

 4-point bending – 500-500N 
 Stress (MPa) vM [MPa] S1 [MPa] S3 [MPa] 

region 2 - screw 112 -11 -133 
region 4 - osteotomy 65 73 4 
region 1 - screw 134 -18 -163 
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region 3 - osteotomy  39 -1 -43 
region 2 - screw 109 -19 -138 
region 4 - osteotomy 60 -4 -67 
region 1 - screw 206 -72 -292 

2.
4 
m
m
 

T
- 
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region 3 - osteotomy 33 -4 -39 
region 2 - screw 119 -29 -160 
region 4 - osteotomy 48 55 3 
region 1 - screw 96 6 -101 
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region 3 - osteotomy  24 28 3 
region 2 - screw 359 484 103 
region 4 - osteotomy 90 -7 -102 

region 1 - screw 199 264 49 
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region 3 - osteotomy  59 -5 -68 
intact bone – control   35 37 1 

region 4 - osteotomy 156 -15 -179 osteotomised bone – 
control region 3 - osteotomy 178 -36 -220 

The highest von Mises value at the intact bone was 35MPa, while the osteotomised 
bone were 178 MPa respectively. The highest stress values are the following: 3.5mm T-
plate (65 MPa), 2.4 mm T-plate (60 MPa), straight 3.5mm DCP (120 MPa), and 3.5 mm 
straight LCP (48 MPa) (Table 2). 

Based on the results from the table the higher stability offering fixation method was 
the 3.5mm straight stainless steel LCP unilocking plate in case of 4-point bending.  

 
4. Conclusion 

The 3.5mm straight stainless steel LCP unilocking plate construct is the superior 
reinforcement in this scenario. However this is not necessarily contributing to the fastest 
recovery but more likely providing higher level of security for the patient with smaller 
chance of loosening or acute fracture.  

1 3 

4 
2 

3 
4 
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Abstract 
This paper analyze the starting process of a railway wheel-rail by finite element method. The elaborated 
model provides opportunity to analyze: the effect of the processes taking place during the rolling of the 
wheel on the rail crown, the displacements, and the stress distributions. 

 Keywords: rolling, friction, railway wheel-rail connection, Hertz stress  

Introduction – The geometrical model 
During our work the processes -taking place between the connection of wheel and 

rail- were examined in such cases when the examined wheel rim starts on the rail crown 
without complete slip, in pure rolling as an effect of the traction force and coefficient of 
friction. 

For the basis of the examination the geometry of a reduced scale model (scale 1:4) 
was used. In case of the rail contacting surface rounding answer the geometry of a rail 
according to UIC-54 standard. In case of the wheel simplifications were applied. The 
taper rolling surface used for wheel was substituted by cylinder and this provided a 
chance to compare the finite element examinations by analytic calculations of Hertz 
theory [1] by which the accuracy of model calculations could be estimated. 

The geometric model design and its important dimensions are shown in Fig.1 and 
the material characteristics used during the examination are given in Tab.1. 

Wheel–rail general structural steel 

Modulus of elasticity (E1,E2): 200000 MPa 

Poisson coefficient (υ1,υ2) 0,3 

Table.1 The material properties used during the examination 
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Construction (set up) of finite element mesh 
In case of finite element model a simplified finite element mesh was applied which 

made possible the examination of the phenomena taken place in an acceptable order of 
magnitude and calculation time. The results obtained –as it mentioned earlier- were 
compared to analytic calculations and consequently the calculation error was decided. 

For the meshing hexahedron (cubic) elements were used having eight nodes while 
refined mesh was applied at the contacting area. The global element size was 10mm for 
wheel and 4mm was for rail. In the surrounding of the contact area (at the load acting 
surface  

   

Fig. 1 The geometric model (scale 1:4) used during the examination 
1. Wheel; 2. Rail having UIC-54 profile [2] 

and also in the surrounding of wheel-rail connection) the element size was reduced to 
2mm. The design (set up) of finite element mesh used in the examinations is shown in 
Fig. 2. 

BME 2012 | Proceedings of PhD Workshops

57



 

 

Fig. 2 The set up of finite element mesh 
 

Between the wheel and the rail the so called Frictional, friction contact connection 
was defined, the friction coefficient value was µ=0,384. 

Boundary conditions of the examination 
The finite element examinations done are consisting of two periods: 

̶ I. loading up period: due to the effect of loading force the model get loaded (0-1 
s). 

̶ II. Starting period under the maintained loading force: the wheel starts rotating 
under the maintained loading force and by this it is possible to examine the travel 
of the contact range of wheel-rail and the stress distribution (1-6 s).  

The boundary conditions and the loading are shown in Fig. 3. The loading –which 
was given by bearing loading, according to the reality- was transferred on the lower 
surface of the hole in the center of the wheel. The load was 10 kN (marked A). 

After the first second the wheel starts rotating. It is produced by the angular 
displacement device also placed on the central hole of the wheel (marked C). By the end 
of the test the complete angular displacement was 2,75 degree. For fixing the rail a 
displaceable character joint was used both in X and Y direction (marked B). In Z 
direction the rail was not fixed. Therefore the rail is moved off under the wheel when 
rotational displacement starts due to friction. 

The load and the intensity of rotation in the function of time are shown in Fig. 4. 

Refined mesh: 2mm 
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Fig. 3 Boundary conditions and loading of finite element examination 

  

Fig.4 Loading up- and angular displacement- time diagrams 

Results: - I. loading up period 
In order to check the accuracy of the model contact stresses were examined both in 

the middle plain of the wheel and the rail. The contact stress distribution is shown in 
Fig.5. It can be seen that the distribution is about symmetric. The diagram shape is 
according to Hertz theory. The maximum stress value is 773,1 MPa. Tabulation 2 

Controlled angular 
rotation 

Load = 10 kN 

Fixture on the 
bottom surface of 

the rail 
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summarizes the values of contact stresses calculated by the help of FEM model. It can be 
seen that the deviation degree is about 20%. 

 

Fig. 5. The contact stress distribution between the contacting elements along the middle 
plain, where s=0 mark the center of the contact of wheel and rail. 

Analytical calculation FEM calculation 

972,63 MPa 773,1 MPa 

Deviation: 20,5 % 

Tab. 2 Comparing the analytical and the FEM calculations 

Also were examined the Y-direction displacement of the contacting elements. In the 
figure obtained the range of sticking –affected by loading- can be observed between the 
elements. The curves obtained are shown by Fig. 6.  
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Fig. 6.  Y direction displacement of  two contacting elements 

In order to check the model proper operation the X direction displacement of the 
contacting elements were also examined to make sure the result obtained are really 
symmetric. The results are shown in Fig. 7. 

 

Fig 7.  The contact stress distribution between the contacting elements along the mean 
palin perpendicular to the moving direction, where sk=0 mm indicates the center of the 

wheel and rail contact. 

The results obtained are rewieved and can be stated that in the loading up period the 
model suitably represents –according to the theory- the phenomena taking place between 
wheel and the rail. 
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Results: – Starting period under maintained loading 
Following 1 second the boundary condition of angular displacement is activated 

(shown in Fig. 4) in the model and as a result the wheel starts rotating. As the rail can 
move freely in Z direction – and no other boundary condition influence the Z direction 
moving as a consequence of friction- assuming rolling the rail displacement is equal to 
the circumferential displacement of the wheel. In order to check the above the absolute 
displacements of the contacting elements were studied and the obtained result is shown in 
Fig.8. 

 

 

Fig. 8 Absolute displacement of the contacting elements 

It can be seen that the circumferential displacement is equal to the Z directional 
displacement of the rail. The contact status in time 1st and 6th seconds were studied in 
order to make sure weather the sticking zone is maintained during the rotational 
displacement and the results are summarized in Tab. 3. The figures in Tab. 3 show the 
contact status on the rail surface. 

It can be seen from the results obtained that due to the acting friction between the 
wheel and the rail pure rolling can be observed. 

The contact range traveling was also examined and the result is shown in Fig. 9. It 
can be seen in the figure that the stress value remained about constant compared to the 
results shown in Fig. 5. However the curve shapes showed some distortion in the 
direction opposite to the travel direction. 
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1st second 6th second 

Tab. 3. Change of contacting status affected by the angular rotation 

 

Fig. 9. Traveling of contact region due to the rotational displacement 

Conclusion 
From the results obtained can be seen that the developed finite element model is 

suitable for restricted examination of the wheel-rail connection of a starting railway 
carriage.  The results obtained show well those trends, phenomena taking place between 
the wheel and rail affected by friction. Later on the results may be made more accurate by 
refining the mesh however it increases the calculation time in a great extent. Introducing 
further boundary conditions the model can be made suitable for more detailed 
examination of contact connection in case of partial slipping. 
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1./ Introduction of the George Oláh PhD School 

 The George Oláh PhD School is named after Nobel laurate George Oláh a 
former student and fellow of the present Faculty of Chemical Engineering and 
Biotechnology. The School is entitled to provide PhD degrees (25-30 degrees 
annually) in the disciplines Chemical Science, Chemical Engineering, Bioengineering 
and Environmental Engineering. While the publication requirements are among the 
highest within Hungary compared to the PhD schools at related scientific disciplines, 
the success rate for the students is above 60%, showing the quality of the students and 
also their tutors. The multidisciplinary character of the School helps in developing 
cooperations internally, but also at the international level, resulting in several joint 
degrees with other universities (France, Netherlands). In accordance with the 
international trends the importance of computer modeling is increasing not only in 
chemical engineering but also in chemistry and in biology related sciences, and the six 
projects launched within the framework of TAMOP -4.2.2/B-10/1-2010-0009. are well 
integrated parts of the PhD School’s activity. 

 

2. Description of the projects launched within the framework of TAMOP -
4.2.2/B-10/1-2010-0009 

1./ Methodological Development of highly efficient computing  

For the description of the molecular systems, solid phases and chemical (including 
biochemical) reactions highly accurate ab initio and density functional methods need 
further improvement. Not only the development of new algorythms is aimed, but the 
computational implementation of the results and testing is of importance. Among ab 

initio methods the development of multireference description of the wavefunction is 
of increasing importance (Mihály Kállay). The use of this computer-intensive 
methodology highly requires supercomputing capacities. It is unavoidable for the 
accurate description of certain systems – such as biradicaloid molecules, homolytical 
chemical reactions or photochemical processes. At the field of density functional 
theory the development of meta-GGA functionals (Gábor Csonka in cooperation with 
John Perdew) should be mentioned. A practically important investigation is the testing 
the usefulness of applying GPU-s for the calculations. 

 

2./ Modeling of enzyme reactions and other biological systems. The proper description of 
the thermodynamics and kinetics of the enzyme reactions is of key importance for the 
understanding of biochemical processes. To gain this knowledge is not merely of scientific 
interest, but with a detailed knowledge of the mechanism the enzymatic reactivity can be 
modified.  By speeding up (or slowing down) enzymatic reactions biochemical cycles can be 
fine-tuned, resulting in possible medical applications. Bioinformatics can also be highly 
useful, by investigating the similarities of the proteins of related species. The following 
enzyme systems are in the focus of our interest: The cytochrome P450 family of enzymes, are 
investigated by Julianna Oláh, and the ammonia-liases by László Poppe. The detailed 
investigation of the dUTP-ases is an important project in the group of Beáta Vértessy, while  
- and -glucanazes are targeted by Ákos Sveiczer. The transketolase enzymatic reaction is 
investigated by László Nyulászi. In many cases the work facilitates cooperation between the 
above research groups, which are themselves specified either in the experimental or the 
computational approaches.   
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3./ Mechanistic investigation and optimization of chemical reactions. Studies of chemical 
reaction mechanism provide the basis to ifluence the outcome (product distribution, yield, 
efficiency, or development of environmentally benign procedures) of the reactions, by 
selecting the most proper conditions (temperature, pressure, solvent etc.). Computational 
studies coupled by experimental investigations provide very important results in this aspect. 
Both in the fields of organic, inorganic and organometallic chemistry computed results 
(reaction energy, activation barrier, simulated spectral data of products and intermediates) 
being in good agreement with experimental result should be used as to verify the results. 
Organometallic, supramolecular, cycloaddition and organocatalytic and photochemical 
reactions are planned to investigate in this part of the project.     

 

4./ Modelling new and unusually bound compounds and interactions for chemical and 

materials science applications. Computational modelling allows the estimation of the 
stability of unusual componds under unusual circumstances. Among these structures  metal 
halides are of great importance. These systems can be found as monomers or oligomers only 
at high temperatures, however, are important under these circumstances eg. in the lighting 
industry. Hipervalent and hypovalent compounds of main group elements (among others 
phosphorus and silicon compounds, but also divalent carbon compounds) are also specific 
targets, such compounds can be used as catalysts, as they are able to change their oxidation 
state. Investigation of supramolecular systems including their optical properties as well as the 
photophysical properties of organic and organometallic polimers and oligomers with possible 
applications as OFET and OLED are also of high current interest.  

 

5./ Molecular dinamincs simulations of surfaces, interfaces and condensed crystalline 

structures. Apart from the investigation of isolated molecules in the gaseous phase or 
solution investigation of condensed phase systems and their interfaces is of current interest. 
Many of these calculations uses molecular dynamics, utilising mainly molecular mechanical 
force field, but also quantum mechanical calculations at some ab initio (density functional) 
levels, using often periodic boundary conditions. These simulations can be used for crystalline 
systems, and nano sized materials can also be treated. At this end heterogenous catalysts can 
also be investigated, but modeling the shape and size of the system it is also possible to 
predict changes in the physical properties.   

 

6./ Modelling Chemical Unit Operations and Processes. In chemical unit operations 
process flowsheeting is of increasing importance. Process flowsheeting is the use of computer 
aids to perform steady-state heat and mass balancing, sizing and costing calculations for a 
chemical process.  This methodology can be used in many processes, among others in 
pervaporation, or in combination of different processes.   

 

 

Proceedings of the presentations of the workshop held at 17. 05. 2012  
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Abstract 

Hydrogen activation by transition metals can take place using two different types of 
mechanisms, in both cases the first step is assumed to be the formation of the η2-H2 complex (or also 
known as σ complex). In case of hydrogen activation with FLPs the mechanism differs significantly 
from the transition metal catalysis, but in a few cases computational studies indicated the existence of 
η2-H2 complexes of boranes. In this paper a theoretical study of the first example for FLP catalyzed 
hydrogen activation reaction is presented, which involves the formation of a η2-H2 complex. The 
effects of different substituents on the phosphorus atoms and the boron are described. 
 
Introduction 

Hydrogen activation is a very popular field of chemistry, for example petrol chemistry, food 
industry, pharmacy, chemical hydrogen storage[1]. Because of the strong H-H bond the barrier of the 
hydrogen splitting is high, thus the usage of different catalysts are very important for hydrogenation 
reactions. For the activation of hydrogen usually transition metals are used as a catalyst, but nowadays 
hydrogen activation with non-metal elements is developing extremely fast[2]. The main motivating 
factors in this direction are the toxicity and the price of the transition metals. Typically the Frustrated 
Lewis Pairs (FLPs) concept is used for the design of non-metallic catalysts[3]. In the FLP concept 
(Scheme 1.)[4] the FLP consist usually of a molecule pair, a Lewis acid and base, which can not make 
a dative bond because of the bulky substituents on both of the centers. Despite of the constantly 
growing number of publications on FLP based catalysts only a few examples were found that besides 
the lowering of the activation barrier also corresponds to the criterion of reversibility[4]. 

 

B A B
A

H

H

+ H2
B AH H

 
Scheme 1.: Hydrogen activation with Frustrated Lewis Pair. 

 
The mechanism of the activation in case of FLPs usually differs from that of the transition 

metals. The activation with transition metals follows a stepwise mechanism with an η2-H2 complex 
intermedier on the reaction pathway[5]. The transition metal H2 σ-complex is stabilized by two main 
effects: the first when the σ-bond of the hydrogen molecule donate electron to the empty d-type orbital 
of the metal, and secondly the backdonation of the lone pair of the metal to the σ* orbital of the H2. On 
the contrary the hydrogen activation of FLPs is a one-step reaction (Scheme 2.)[6]. 

 

 
 

Scheme 2.: Two possible mechanism of the hydrogen activation (left side: with transition metal, right 
side: with FLP). 
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The difference in the mechanism was explained through the symmetry of the reaction center: 

while in case of transition metals the electron acceptor and the electron donor are located on same 
center (both of them are on the metal), these centers are separated from each other in FLP systems. The 
strong polarizing effect of the Lewis acid and base center splits the hydrogen molecule without the 
formation of any stable H2 adduct. 

In a recent work we show a very interesting diphosphine-borane[7] which can activate 
hydrogen reversibly, in a stepwise fashion[8]. In case of diphosphine-borane the reaction center 
contains two electron donor groups and one electron acceptor. The symmetry of this arrangement 
allows the emulation of transition metal catalyzed hydrogen activation: instead of the one-step splitting 
of hydrogen, an η2-H2 complex forms at the beginning of the reaction. According to the computations 
there are two main stabilizing effects, the electron donation of the σ bond of the H2 to the empty orbital 
of the boron, and the donation of the lone pairs of both phosphorus atoms to the σ*orbital of the H2[8]. 
This second interaction is interesting because previously theoretical works shows that an external or 
internal base immediately polarizes and split the η2-H2 borane complexes[6]. However, in the case of 
η2-H2 diphosphine-borane complex the two phosphino groups are located at equal distance from both 
end of the H2 molecule so they can not polarize the H2 molecule. The barrier of the hydrogen activation 
depends on the relative energy of the intermediate thus the stability of it. In this paper we investigated 
substituents with different electronic and steric effect on the boron and the phosphorus atoms to the 
deeper understanding of the stabilization effects in η2-H2 complex of diphosphone-borane. 

 
Computational background 

All the MPW1K/6-31+g(d,2p) calculations were carried out using the Gaussian 09 program 
package[9]. At all the optimized structures vibrational analysis was performed to check the nature of 
the stationary point (at a minimum all the eigenvalues of the Hessian matrix are positive. At the 
transition states there is exactly one negative eigenvalue). The molecules were visualized by the 
MOLDEN program[10]. 

 
Results 

The H2 activation reaction is shown in Scheme 3.. The stability of the intermediate 2 can be 
measured by the relative energy of 2 (the energy of the starting materials is 0.0 kcal/mol), however 
other factors also influence this quantity. Due to the bulky groups on the phosphorus and the boron 
center there are two possible geometries of the starting materials. While bulkier substituent groups 
hinder the formation of the dative bond between the boron and the phosphorus (open form) in case of 
smaller groups the bond formation is allowed, resulting in significantly shorter B−P distances (closed 
form). The formation of the B−P bond stabilizes the starting material, consequently raising the relative 
energy of 2. Thus this quantity is not a convenient indicator of the interaction between the boron and 
hydrogen molecule.  
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H
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1 2 3  
Scheme 3.: Hydrogen activation with diphosphine-borane. 

 
Another possible indication of the stability of the intermediate is the distances between the 

two hydrogens and the distance between the boron and the hydrogens in 2. Stronger complexes display 
shorter B−H bonds and longer H-H bond. Analyzing the geometry data of 2 with different R1 and R2 
substituents we can assess the interaction between the hydrogen molecule and the boron independently 
from the stability of 1. Groups with different size (R1: −CH3, −iPr, −tBu) and different electronic 
properties (R1: −SiH3, −NiPr2) are used to investigate the steric and electronic effect of the substituents 
on the phosphorus. The results of these calculations are shown in Table 1. (R2: −Ph).  
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Table 1.: The relative energies of the complexes and products in case of different R1 substituents on 
the phosphorus atoms (kcal/mol), and characteristic bond distance of the complex (Å). The R2 
substituent on the boron is Ph. 
 

  CH3 iPr tBu SiH3 NiPr2 

∆Erel of the complex 9.83 4.68 2.89 8.73 6.77 

∆Erel of the product -1.17 -3.04 -7.00 11.3 - 

Average B−H distance 1.50 1.48 1.46 1.56 1.49 

H−H distance 0.793 0.801 0.809 0.784 0.803 
 
The larger substituent groups open up the bond angles on the phosphorus center, increasing 

the p-character of the phosphorus lone pair. The increased p-character increases the efficiency of 
electron donation towards the H2 molecule. The relative energy of the complex decreases with the 
larger substituents on the phosphorus atoms. This stabilization effect is also shown by the shortening of 
the B−H and lengthening of the H−H bond (see Table 1.). Tuning of the donor ability of the 
phosphorus is also possible with π-electron donating and withdrawing substituents. The π-withdrawing 
silyl group decreases the electron transfer towards the H2. The energy of the complex increases, and the 
longer B-H and shorter H-H distances also hint at the destabilization of the complex. Despite of the π-
donating effect of the −NiPr2 the amino groups also slightly destabilize the η2-H2 complex; the 
hindered rotation around the P−N bonds does not allow the proper alignment of the −NiPr2 groups. It is 
surprising that although electron donation to the H2 anti bonding orbital should destabilize the H-H 
bond, increased donation from the phosphine groups still results in the stabilization of the η2-complex. 
This behavior is however consistent with the electron relay concept described in Ref. 8., the extra 
charge received by the H2 from the phosphine groups  is relayed to the boron, strengthening the B-H2 
bond (see Scheme 4.). Conversely the decreased donating ability of the phosphorus atoms causes 
weaker B-H2 interaction. 

 
Scheme 4.: AIM plot of the η2-H2 diphosphine-borane complex. 

 
The steric (R2: −H, −CH3, −Ph) and electronic (R2: −Cl, −CF3, −SiH3, −SiMe3) effects of the 

substituent groups were also studied on the boron center. In case of less bulky substituents (−H, −CH3, 
−Cl, −CF3, −SiH3) the closed form of the starting material is stable, therefore the relative energy of the 
complex increases. However σ (−Cl, −CF3) and π (−SiH3) electron withdrawing substituents display 
short B−H and longer H−H distances that show a strong interaction between the H2 and the boron (see 
Table 2.). In case of the −SiMe3 group besides the π withdrawing effect the steric bulk also helps to 
decrease the relative energy of the intermediate, producing the strongest stabilization. Observing the 
geometry of the R2: -H, SiH3 –Si(CH3)3 complex we can see that the orientation of the H2 molecule is 
different from the other cases: the hydrogen is aligned with the B-R2 bond. This orientation hints at the 
presence of another stabilizing effect. 

The combination of substituents providing the strongest stabilization in R1 and R2 positions 
(R1: tBu; R2: SiMe3) results a complex (Erel = -2.03 kcal/mol; davg(B−H) = 1.36 Å d(H−H) = 0.855 Å) 
where the stabilizing effects of the two substituents is synergistic. The η2-complex in this case is 
actually more stable than the starting materials.    

 

BME 2012 | Proceedings of PhD Workshops

69



Table 1.: The relative energies of the complex and product in case of different R2 substituents on the 
boron atom (kcal/mol), and characteristic bond distance of the complex (Å). The R1 substituents on the 
phosphorus atoms are iPr. 

  H CH3 CF3 Cl SiH3 Si(CH3)3 Ph 

∆Erel of the complex 10.92 7.80 12.94 18.05 9.42 5.76 4.68 

∆Erel of the product 1.99 -2.99 -7.39 2.70 -4.15 -6.55 -3.04 

Avarage B−H distance 1.44 1.51 1.44 1.51 1.38 1.37 1.48 

H−H distance 0.811 0.792 0.818 0.811 0.844 0.843 0.801 
 

Conclusion 

Substituent effects on the activation barrier of the hydrogen activation with diphosphine-
borane were explored. The symmetrical arrangement of the bulky groups on phosphorus atoms and the 
bulky π-withdrawing groups on the boron stabilize the η2-H2 complex of the diphospine-borane.  
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Abstract 
 
Steric groups are often regarded in reactions as chemically irrelevant, inert part of the molecules, which 
have no influence on the structure of the forming reactive center of the product but the reaction rate; 
therefore they usually do not take into account in theoretical work. However, in some cases, e. g. in the 
general reaction scheme of reductive dehalogenation of halosilanes bulky substituents can cause major 
structural changes in the product simply by their presence. Our calculations suggest that the use of 
proper substituents can prefer and stabilize only one structure on the Potential Energy Surface (PES) 
eliminating all other relevant minima not just increasing activation barriers as the chemical intuition 
dictates. The analysis of the known experimental results suggest that these researches unwittingly 
exploit this extra effect, therefore the explicit use of it may bring fundamental breakthrough in the field 
of the synthesis of hitherto unknown reactive compounds.  
 
Introduction 

 
Bulky substituents play an important role in the stability and reactivity of reactive molecules, it is 
usually considered as an ‘inert’ part of the compound; therefore they do not take into account in 
theoretical work because of their vast computational cost. However, in some cases, bulky substituents 
can remain inert in the reactions, they can cause major structural changes in the product simply by their 
presence. The aim of this work is to show that the theoretical investigation of this type of reactions can 
be achieved. Our examples are taken from silicon chemistry, more precisely from the analogs of (SiR)n 
n=2,4,6, however, as one will see, the principle can be used in a much wider range of chemistry.  
 
Several interesting synthesis have been occurred in this field, silaacetylene (structure 1, Scheme 1),1 
tetrasilatetrahedrane2 (7) and hexasilaprismane3 (11) have also been prepared. Recently, Tamao and his 
coworkers showed an example for a stable planar four-membered cyclic silicon compound (6) which 
can be regarded as antiaromatic.4  
 
Theoretical calculations on the parent (SiH)n n=2,4,6 potential energy surfaces (PESs) identified 
several low lying stationary points (1-11, Scheme 1),5 which all can be a synthetic target, but said 
nothing about their synthetic accessibility. The potential effect of the bulky substituents has not been 
investigated yet. 
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Interestingly, the synthesis of the majority of (SiR)n derivatives follows the same route: the reductive 
dehalogenation of halosilanes which provides the formation of triple-bonded or cyclic conjugated 
persila compounds.  
 

           
R-SiX3 (SiR)n n=2,4,6

Li-naphthalide

X = Cl, Br  

BME 2012 | Proceedings of PhD Workshops

71



 
Since different silicon structures were synthesized with the same method, basically only with the 
change of bulky substituents, this suggests that the substituents have crucial role in the direction of the 
reactions. This brings on some fundamental questions: How can a special substituent control the 
reaction so precisely toward one product out of several energetically similar structures? How can we 
select a substituent to design a special product? To answer these questions, we have carried out high 
level theoretical calculation on real molecules with large substituents. We have studied all the possible 
structures (1-11) using experimentally applied bulky groups (a-g, Scheme 2). Referring to structures 
will be done in short by using the combination of the corresponding number and letter.  
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Scheme 2 

 
Methods 

 
Geometries were computed at RI-B97-D/6-31G* level of theory then single point energy calculations 
were performed at the optima at RI-B97-D/cc-pVTZ level.6 The energies are compared to the 
corresponding disilyne (1) derivates as a theoretical reaction of two or three disilynes to a cyclic persila 
compound. This treatment allows us to immediately evaluate relative Gibbs free energies of structures. 
 
 

2n SiR n RSi SiR (SiR)2n n = 1, 2, 3  
 
Minima on the potential energy surface (PES) were characterized by harmonic vibrational frequency 
calculations at RI-B97-D/6-31G* level. Gibbs free energies in Table 1 is computed as the sum of the 
energy at RI-B97-D/cc-pVTZ level and the free energy correction at RI-B97-D/6-31G* level. 
Calculations were carried out using GAUSSIAN 097 program. Avogadro8 program was utilized for 
visualization and drawing.  
 
Results and Discussion 

 
To draw general conclusions about the role of substituents it is necessary to understand all previous 
experimental results. Seven stable persila compounds (1b, 1f, 1g, 6c, 7d, 7e and 11a) have been 
isolated so far, all with different substituents, therefore all possible silicon structures have to be 
investigated with these bulky groups.  
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Table 1. Gibbs free energies (∆Gn) in kJ/mol are computed as a formal dimerization or trimerization 
reaction of the corresponding substituted disilyne (1) to a cyclic compound. Bold numbers indicate 
synthesized structures. 
Subs. ∆Gn 

  
Si2R2 

n = 1 
Si4R4  
n = 2 

Si6R6 

n = 3 
R 1 2 3 4 5 6 7 8 9 10 11 

a 0 -294 -279 -279 -277 - - -611 -656 -559 -637 

b 0 - - - - - - - - - - 

c 0 - - -153 - -273 - - - - -312 

d 0 - - -186 - - -273 - - - - 
e 0 - - - - - -58 - - - - 

f 0 - - - - - 68 - - - - 

g 0 - - - - - - - - - - 
 
2,6-diisopropyl-phenyl group a is one of the most frequently used bulky substituent in organometallic 
chemistry.9 According to our calculations, all possible structures are minima on their PES but 6a and 
7a which are probably transition states. All effort to geometry optimization from the possible structure 
of 6a and 7a ends up in 3a and 4a, respectively.  
 
The relative energies of the structures are close to each other both for four and for six membered cyclic 
compounds, except for the somewhat less stable 10a. Six-membered cyclic compounds are 
significantly more stable than the four-membered cyclic compounds. Our calculation suggests 9a as a 
global minimum which is more stable than 11a with 19 kJ/mol. However, considering that this 
difference is not conclusive in this level of theory and the synthetic process has extremely low yield (1 
%) the experimental observation of 11a may be explained simply by the principle of minimum energy.  
 
Substituent c can be regarded as a rigid variation of a when the isopropyl group is embraced in a five-
membered ring. This slight change causes a dramatic effect on the stability of the minima. Only three 
structures (4c, 6c and 11c) remain stable in contrast to the eight minima in case of a. In addition, the 
relative energies are also varied in a wide range. 6c is more stable than 4c with 120 kJ/mol while 6a is 
not stable at all. We have found that the stability of 11c decreases with more than 300 kJ/mol compared 
to 11a, and 6c becomes energetically more favorable than 11c, if one compares them directly to each 
other calculating the hypothetical reaction of three tetrasila compounds to two hexasila compounds (∆G 
= +195 kJ/mol). According to these findings, the synthesis of 6c was inevitable,4 since it is significantly 
more stable than any other possible structure. The resulting planar silicon structure is unambiguously 
the consequence of the special bulky groups and not the stability or instability of the center silicon ring. 
 
An even more bulky analog of substituent a is b. Enlarging methyls to trimethyl-silyl groups 
destabilizes all four- and six-membered structures and only the disilyne compound is stable. This 
observation simply explains the experimental results: 1b cannot react further to cyclic compound 
because these do not exist. 
 
All previous experimental results with acyclic substituents (d-g) can also be explained simply by our 
calculations. In the case of the least bulky group (d) there are only two stable four-membered 
molecules (4 and 7). 7d is more stable than 4d with 87 kJ/mol which clearly supports the 
experiments3a: 7d is the only product of the synthesis. For larger groups, 4 is not a minimum anymore 
and the stability of 7 also decreases with the increasing size of the substituents. Comparing to the 
corresponding disilyne, 7e is less stable than 7d with 215 kJ/mol, however, it is still more favorable 
than 1e, and thus the synthesis of 7e is suggested in coincidences with experimental observations.2b In 
case of substituent f, however, 7f is less stable than 1f by 68 kJ/mol. Therefore, the synthesis of 1f can 
also be interpreted as a logical consequence of theoretical calculations.1b Substituent g is so bulky that 
even 7g does not exist therefore no dimerization is expected and the only possible product of the 
synthesis is 1g similarly to f.1a  
 
Conclusions and Outlook 

 
In this study, we have shown that how steric groups have reaction path controlling ability that can 
govern the reaction to different products. We have analyzed the experimental data of the synthesized 
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persila compounds which all follow the same reaction scheme (Scheme 1) by the reductive 
dehalogenation of trihalosilanes. It has been found that with the modification of the bulky groups it can 
be achieved that only one energetically relevant minimum remains on the PES, moreover, in some 
cases only one true minimum exists. By this, the selective formation of the different silicon structures 
can be fully explained together with the principle of minimum energy. In the consequence of this 
observation, the modeling of real bulky substituents turns out to be much easier than it has thought 
since the extremely expensive reaction route mapping can be saved. Moreover, it suggests a general 
method, as we call it: molecular tailoring, for the prediction of the synthesis of still unknown reactive 
compounds by designing proper bulky substituent for it which allows only one, the chosen one, 
minimum on the PES. 
 
We have to note that although this molecular-tailoring concept has been demonstrated in case of silicon 
compounds for a certain reaction scheme, it is more universal. It must be true that every reactive 
structure for every type of reaction has one or few optimal substituents that can be found by theoretical 
prediction. Since the synthesis of hitherto unknown reactive compounds is slow, expensive and 
unpredictable procedure this approach may bring fundamental breakthrough in this area.  
 
Molecular tailoring concept can also be applied in several other fields. It can be used to optimize a 
catalyst which allows less or no side reactions, simply with the destabilization of the product or the 
intermediate of the side reaction.  
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ABSTRACT: Phenylalanine ammonia lyase (PAL; EC 4.1.3.24) catalyzes the non-oxidative deamination of L-
phenylalanine into trans (E)-cinnamic acid, and phenylalanine 2,3-aminomutase (EC 5.4.3.x) catalyzes the 
isomerization L-phenylalanine to L- or D-β-phenylalanines, depending on the origin of the enzyme. While PALs are 
essential in plants only a few prokaryotic ones have been identified so far. PALs and PAMs are currently being 
mostly exploited for use in synthetic applications such as synthesis of L-α-amino acids from arylacrylates (PAL), 
kinetic resolution resulting in D-α-amino acids from racemates (PAL), or production of L- or D-β-arylalanines 
(PAM). Our work consisted three topics related to these enzymes.   
(1) We expressed a PAL of a thermophilic bacterium with growth optimum at 65°C (RxPAL) in E. coli, and 
investigated the properties of  it. In addition to the experimental studies, a homology model was created to rationalize 
the thermostability. Multiple models were built with different methods (MODELLER, Robetta, I-TASSER), 
evaluated (energy, spatial restraints) and refined (editing, minimization) to give the final homotetrameric model to 
find intra and/or inter chain disulfide and ionic bonds that increase stability.   
(2) By combination the beneficial properties of the eukaryotic PALs/PAMs (higher catalytic efficiency) and 
prokaryotic PALs/PAMs (higher stability), we aimed to create chimera enzymes. In the designed protein sequences 
of the chimera PALs/PAMs the catalytically relevant N-terminal catalytic domain of the eukaryotic enzymes 
(without the C-terminal multihelix domain which was found only in eukaryotic enzymes and suspected to destabilize 
the protein) were combined with a short a prokaryotic sequence from the prokaryotic enzymes. In addition, a few 
surface exposed cysteines were also changed to serine to avoid protein aggregation. Bioinformatics tools and 
molecular modeling were used to create the desired amino acid sequences of 7 PALs and 2 PAMs.   
(3) To gain further insights into the mechanism of the MIO-containing PALs and PAMs ONIOM (QM/MM) 
calculations may be useful to recognize important amino acid residues and their roles. Such calculations may help to 
design beneficial mutations for enhanced biocatalytic properties and convert different enzyme activities to each other 
(e.g. mutations to shift PAM to PAL activity) or to get bio medicines with the manipulation of human enzymes. In 
frame of this project we started ONIOM (QM/MM) calculations within the PAM from Pantoea agglomerans 
(PaPAM) by setting up the appropriate model including molecular mechanics and quantum mechanics parts with the 
aid of bioinformatics and conformational search. 
 
Introduction 

Tyrosine, phenylalanine and histidine ammonia-lyases (TAL,1 PAL2 and HAL,3 respectively)  catalyze 
ammonia elimination4 from their corresponding substrates L-tyrosine,  L-phenylalanine and L-histidine [Figure 1 (a)]. 
Because of its central role in the phenylpropanoid metabolism PAL is essential in plants as a starting point of the 
phenylpropanoid pathway, catalyzing the first step in the biosynthesis of several classes of phenylpropanoids, such as 
lignins, flavonoids and coumarins.5 On the other hand, only a few PALs were isolated and characterized from 
bacteria so far.6 The bacterial PALs seem to be involved only in biosynthesis of the special bacterial products such as 
enterocin antibiotic by S. maritimus and 3,5-dihydroxy-4-isopropylstilbene by Photorhabdus luminescens from (E)-
cinnamate product as precursor. 

Synthetic application of PAL is based on the stereoconstructive reverse reaction  [Figure 1 (a)] yielding L-
phenylalanine derivatives from achiral precursors or the kinetic resolution of racemic amino acid providing access to 
the D-phenylalanine derivatives as residual substrates. The natural and unnatural α-amino acids are important 
building blocks in a variety of polymers and small molecules. 2,3-Aminomutases catalyze the direct conversion of 
proteinogenic α-amino acids to β-amino acids7  [Figure 1 (b)]. 

The X-ray structure of HAL8 revealed first that the homotetrameric enzyme contains 3,5-dihydro-5-
methylidene-4H-imidazol-4-one, MIO, as the electrophilic prosthetic group.9 MIO was later identified in crystal 
structures of PAL from yeast,10,11 plant12 and bacteria,13,14 in TAL from bacteria15 and also in L-phenylalanine- and L-
tyrosine 2,3-aminomutases (PAM16,17 and TAM,18 respectively). This prosthetic group is believed to form 
autocatalytically, posttranslationally from the ASG (sometimes TSG) amino acid triad. 
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Figure 1 The reaction catalyzed by PAL (a) and the reactions with opposite stereochemistry catalyzed by different PAMs (b). 
 

Natural product biosynthetic pathways for enediynes, taxanes, and nonribosomal peptides involve MIO-based 
aminomutases.18a,19 The X-ray structure of tyrosine aminomutase from the enediyne C-1027 producer Streptomyces 
globisporus (SgTAM) was the first of the MIO containing aromatic amino acid 2,3-aminomutases,20 that established 
that MIO-based aminomutases are structural homologues to ammonia lyases. 

In comparison to eukaryotic homologues with an almost 200-residue long C-terminal multi-helix domain, the 
monomeric units of prokaryotic PALs are significantly smaller and contain only about 50 amino acid in their 
respective domain. The C-terminal multi-helix domain in the plant and fungal enzymes is situated close to the active 
site and it is thought to responsible for the rapid enzyme inactivation (Figure 2). Molecular dynamics studies 
suggested21 that this domain may influence the conformation of an active-site a conserved Tyr110 (PcPAL) lid loop 
and thereby regulate the activity of the enzyme which might be important in the rapid regulation of phenylpropanoid 
biosynthesis. Although crystal structures were determined for a lot of MIO containing enzymes, structural data alone 
could not answer the fine details of the mechanism. None of the six HAL structures published so far contain well 
resolved substrate or product analogues22,23. In two crystal structures of PAL10,11 from yeast and two cyanobacteria13 
the loops containing the essential Tyr110 were missing. Although the crystal structure of parsley PAL contained an 
intact Tyr110 loop12, the catalytically essential Tyr110 was thought to be in an inactive loop conformation. Later, the 
structure of PAL from Anabaena variabilis (AvPAL) confirmed the existence of an active conformation of the Tyr- 
loop in PAL14. The crystal structure of RsTAL15 however, revealed a tight active centre in which the essential Tyr60 
was present in the inner lid-loop. Based mostly on the structural characterization of MIO containing enzymes, and 
QM/MM calculations24 a common mechanism for such enzymes was suggested. 

 

 

   
Figure 2 Monomeric (a) and tetrameric (b) structure of Petroselinum crispum (parsley) PAL (PcPAL). The “core” region, that's 
structure is well preserved in all PALs and PAMs is in red. The C-terminal multihelix region which can be found only in 
eukaryotic enzymes is in green. (c) X-ray structure of PcPAL with an inactive Tyr110 loop. The mobile Tyr110 loop region is 
highlighted by the red circles. (d) Homology model of PcPAL with a correct loop conformation.  
 

c) b) a) d) 
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Docking studies in a bacterial PAL structure14 would favor a mechanism of the TAL / PAL reaction via an N-
MIO intermediate. According to the unified mechanistic proposal, the α-amino group of the substrate forms a 
covalent adduct with the exocyclic methylene of the MIO prosthetic group. The bound amino acid is then 
deprotonated at the benzylic position by an enzymatic base (tyrosine side chain in the phenolate ionization state)24.  

Recently, our group successfully expressed the synthetic gene of a PAL enzyme from a bacterium with a 65ºC 
growth optimum in E. coli (RxPAL). In addition to optimization of the expression and preliminary biochemical 
characterization, crystallization experiments were also started. Before the experimental characterization of the 3D 
structure a homology model was created to rationalize the thermal and alkaline stability. 

 
Homology modeling of RxPAL 

Homology modeling methods use the fact that evolutionary related proteins share a similar structure. Therefore, 
models of a protein with unknown structure (target) can be built based on an alignment of a protein of known 
structure (template). This typically involves four steps: (1) identification of homolog's that can by used as template(s) 
for modeling; (2) alignment of the target sequence to the template(s); (3) building a model for the target based on the 
information from the alignment(s); and (4) evaluation of the model. Finally, all four steps can be repeated until a 
satisfactory model is obtained25,26. 

Four software packages with homology modeling capabilities were compared in this work: (1) SWISS-
MODEL27 using rigid body assessment method, (2) Robetta28 applying a de novo method, that doesn’t require a 
template, (3) MODELLER29 with automatic loop modeling based on satisfying spatial restraints and (4) I-TASSER30 
working with  multiple-threading alignments by LOMETS and iterative TASSER assembly simulations. For all PAL 
homology modelling the PAL from Anabaena variabilis (AvPAL) containing the relevant Tyr loop in a catalytically 
active conformation was chosen as core template. Validation of the resulting models was performed by the energy 
values and with PROCHECK31 (mean spatial properties, Ramachandran plot, bond distances, angles etc.) 

Unfortunately SWISS-MODEL27 failed in the sequence alignment of RxPAL with AvPAL and produced no 
models. Each of Robetta and I-TASSER30 created 5 monomeric models whereas MODELLER29 generated 3 
monomeric structures. To evaluate the forcefield energy values, the raw monomeric models were refined by a rapid 
optimization (gradient RMSD= 1 kcal/mol) to eliminate clashes. Comparison of the performances of the three 
molecular mechanics force fields (OPLS, CHARMM, AMBER) in the rapid optimization indicated OPLS more 
suitable than the other methods (Table 1). Although the Robetta28 monomeric models had excellent statistics, the 
active center conformations were far from the active arrangement in all Robetta-based tetramers. Based on energy 
value of the monomers (Table 1) and correctness of the active center conformation in tetrameric form, one tetrameric 
model was selected for each of MODELLER and I-TASSER.  Structure optimization (RMS gradient 0.5 kcal/mol) 
after manual correction of the MIO structure indicated that the best model was created by MODELLER29. 

To rationalize the thermostability of RxPAL s and salt bridges were analyzed. Three possible disulfide bonds 
(Cys35-Cys116, Cys321-Cys478, Cys231-Cys228) per chain were hypothesized (Figure 3). Whereas Cys231-Cys228 may 
form an intrahelical disulfide bond, Cys distribution analysis indicated no possibility to form disulfide bonds 
between the subunits. Because Cys35 and Cys116 may be surface exposed, the serine mutants of them were also 
created. Importantly, RxPAL contains exceptionally high percent of surface exposed amino acids with ionizable side 
chains capable of salt bridge formation (e.g.: Glu 8,5%, Arg 8,32% related to the whole sequence) with a slight 
excess of acidic side chains (Figure 3). 

 

   
Figure 3 (a) Close cysteine residues are depicted with yellow surfaces, one of the 4 active centers is colored red. (b) Surface 
model of PcPAL’s and (c) the investigated PAL’s tetramer. Acidic side chains are colored red, basic are colored blue. Note the 
isolated charges in the case of PcPAL, and the homogenous, but acidic surface of the other enzyme. 
 

a) b) c) 
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Table 1 (A) Force field evaluation.  All 13 models were pre optimized, evaluated with PROCHECK. The mean of the figures can 
be seen here. (B)  Energy values of models. Energy values of each model based on force fields OPLS and GROMOS. 
 
         (A) 

Software model # GROMOS E (kJ/mol) OPLS E (kJ/mol) ∆E (kJ/mol) 

1 -22693 -27807 595 
2 -22856 -27601 801 
3 -22433 -27988 414 
4 -22334 -28402 0 

R
o

b
etta 

5 -22341 -28144 258 
1 -19892 -27729 0 
2 -19972 -27581 148 

M
O

D
E

L
LE

R
 3 -19515 -27122 607 

1 -20488 -28102 0 
2 -20795 -27850 252 
3 -19925 -27682 420 
4 -19393 -27344 758 

I-T
A

S
S

E
R

 5 -17508 -27579 523 
 
            (B) 

Ramachandran plot regions (%) Deviations in the backbone (%) Software Forcefield 

Not allowed Strictly allowed Allowed Core Bond length Bond angle Planarity 

AMBER 0,1 0,6 12,3 87,1 79,6 97,2 87,8 
CHARMM 0,3 0,9 10,7 88,1 79,4 83,4 47,6 

R
o

b
etta OPLS 0,1 0,8 15,7 83,4 100 64,1 77,3 

AMBER 0,7 1,3 13,9 84,1 79,6 95,2 84,7 
CHARMM 1 1,8 12,3 84,9 78,3 82,1 44,4 

M
O

D
E

L
LE

R
 OPLS 0,4 1,8 15,4 82,4 100 95,2 75,8 

AMBER 1,5 1,8 14,4 82,2 79,6 70 82,4 
CHARMM 2,3 1,5 12,8 83,3 78,6 81,9 39,9 

I-T
A

S
S

E
R

 

OPLS 
 

1,4 2,1 18 78,5 100 93,8 75 

 

Protein design for PALs and PAMs  

Due to the hypothetic destabilizing effect of the C-terminal multihelix domain concluded from molecular 
dynamics studies21, chimera protein sequences consisting of eukaryotic sequences with a shortened C-terminal 
region and a short sequence from AvPAL were created. Preliminary investigations revealed that the ~200 aa long C-
terminal domains of eukaryotic PALs and the ~50-70 aa long C-terminal domain share a ~45 aa long conserved 
sequence and thus a ~ 150 aa long eukaryotic part (green color in Fig. 2 A and B)  may be replaced by a short 
prokaryotic sequence. Therefore, a 6 aa long, well conserved sequence close to the end of the common catalytic N-
terminal domain and another 6 aa long, well conserved sequence at the beginning of the common last part of the C-
terminal domains were selected as cutting positions (Figure 4). In addition to the removal of the C-terminal 
multihelix domain, the surface exposed cysteines were also exchanged to serine to prevent aggregation.  For 
example, the chimera from PcPAL (PDB ID: 1W27) and AvPAL (PDB ID: 3CZO) were created. The most suitable 
cutting positions (the least differences in the "host" and "guest" sequences) were determined by sequence alignment 
(Figure 4) and visual inspection of the 3D structures. In this way, the originally existing hydrophobic interactions 
between the „core” of the structure and the residual C-terminal section remained unchanged.  

 
PcPAL VEILKLMSTTFLVGLCQAIDLRHLEENLKSTVK 537 
AvPAL VDIFQNYVAIALMFGVQAVDLRTYKKTGHYDAR 501 

  *:*::   :  *:   **:***  ::. :  .: 
PcPAL RASLSPATERLYSAVRHVVGQKPTSDRPYIWND 683 
AvPAL RIEECRSYP-LYKFVRKELG------TEYLTGE 527 

  * . . :   **. **: :*        *: .: 
Figure 4  Portion of the of PcPAL and AvPAL sequence alignment. The first and second (respectively) conserved intersections 
are marked with green. 
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ONIOM (QM/MM) calculations 

A recent QM/MM study on the reaction mechanism of TAL proved that the TAL reaction proceeded via the N-
MIO intermediate.24 Our aim is to extend such theoretical calculations to the mechanism of PALs and PAMs. 
Interestingly, the eukaryotic TcPAM results in the formation of β-(R)-phenylalanine,17 whereas the prokaryotic 
PaPAM produces β-(S)-phenylalanine.32 For such detailed mechanistic studies, the ONIOM method proved to be an 
excellent tool.24 ONIOM combines QM and MM methods and treats the most important residues at the quantum 
level, whereas the rest is treated at the molecular mechanical level. Here we report the preliminary setup of PaPAM 
active site model with the aid of the GaussView 533 graphical front-end for ONIOM calculations with Gaussian 09.34  

The ONIOM active site model of PaPAM is based on the existing 3D structure (PDB: 3UNV) containing the 
two possible forms of N-MIO – β-Phe covalent complexes.32 Residues within a sphere of 20 Å centered around the  
asymmetric C1 atom of the substrate were cut off from the crystal structure. The terminal C atoms were completed to 
amide functions, whereas amines were formed from the terminal N atoms. The QM level consisted of the MIO, the 
substrate, and the side chains of Tyr78, Asn220, Glu317, Tyr320, Arg323, Asn353, Gln456 (Figure 5). The residues out of 
the sphere of 8 Å centered around the asymmetric C1 atom were set to frozen. Raw optimizations were performed at 
the HF 3-21G*: UFF levels, whereas the more precise calculation were done at the B3LYP 6-31G*: UFF levels. 

 
 

 
Figure 5 ONIOM setup of PaPAM. Residues of the high layer are depicted as sticks, the low layer as wireframe. 
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Computational techniques play an increasingly important role in molecular enzymology to complement 
and help to interpret experimental data. The large variety of theoretical methods enables us to 
investigate both reactive and non-reactive processes. 
Molecular mechanics (MM) force fields, consisting of ensembles of parameters fitted to experimental 
data (XRD, NMR, IR etc) and of simple terms to describe the potential energy of the system, were 
developed for the study of large systems. The force fields can also be used in molecular dynamics 
(MD) simulations, which are able to describe the time-dependent behaviour of protein conformation 
changes. We will demonstrate their usage through the investigation of the catalytic domain of the 
phosphocholine cytidylyltransferase (CCT) enzyme. CCT plays a key role in the synthesis of 
phosphatidylcholine, the most abundant phospholipid component of the eukaryotic cell membrane. We 
used the crystal structure of rat CCT, accessible in the Protein Data Bank (PDB ID: 3HL4), to create a 
homology model of the catalytic domain of the CCT of the pathogen of malaria (Plasmodium 

falciparum). At the Institute of Enzymology site-directed mutagenesis studies of the conserved Trp 
(Trp-151 in rat, Trp-692 in P. falciparum) CCT are carried out, and are exchanged to Ala, His or Tyr 
residues. We carried out parallel MD simulations on the wild type and mutant versions of the rat crystal 
structure and of the homology model in order to explain the reason for the changes in the dissociation 
constant (Kd ) of the product from the enzyme. Our results suggest that the mutation changes the 
coordination of the product in the enzyme. 
The study of bond breaking and bond formation occurring in the active site of enzyme requires hybrid 
quantum chemical and molecular mechanical methods (QM/MM), in which residues directly involved 
in the reaction are modeled by high-level quantum chemical calculations. These methods also allow the 
investigation of short-lived intermediates and transition-states, which are not or not fully accessible 
experimentally. We will show the usage of these methods in the case of the direct hydride transfer in 
the nitric oxide reductase (P450nor) of Fusarium oxysporum [1]. We used MD simulations followed by 
QM/MM calculations to determine the energy barrier of the hydride transfer directed to the nitrogen or 
oxygen atom of nitric oxide. Our results suggest that hydride transfer is exclusively directed to the 
nitrogen atom, as the barrier of this process is lower by ~12 kcal/mol. 
 
 
Introduction 

In this paper we will give an overview of the computational techniques used in molecular enzymology 
and after a brief introduction we will present their application through two examples taken from our 
work.  
The computational study of enzymes is a challenging field partly due to the large size of enzymatic 
systems and partly due to the complexity of enzyme catalyzed reactions. Two main approaches exist in 
computational chemistry: quantum mechanics (QM) and molecular mechanics (MM) based techniques, 
which fundamentally differ in their philosophy, application area, and resource and time requirement. 
Quantum mechanics based approaches aim to determine the wave function (ab initio methods) or the 
ground state electron density (density function theory, DFT methods) of the investigated system using 
sophisticated computation techniques which are both time consuming and resource demanding. They 
usually require only very few parameters and are able to give very reliable results which are 
comparable to the experimentally determined data. They can describe the electronic structure of 
molecules and the formation and breaking of bonds. They can give very accurate reaction energies, 
structural, spectroscopic and thermodynamic data. In short, they form a very useful and reliable tool in 
the study of chemical reactions. Their major drawback is that due to their resource and time demand the 
maximum size of the system that can be routinely studied is about 200 atoms. As enzymes contain 
many more atoms it is impossible to study whole enzymes using QM methods, instead, small models of 
the active site could be investigated.  
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The other pole of computational chemistry is the empire of MM calculations. Molecular mechanics 
have been developed for the study of biopolymers such as proteins or nucleic acids. They use very 
simple potential energy terms to describe the bonding (bond distance, bond angle dihedral) and non-
bonding (van der Waals and Coulomb) interactions in the system based using a force field fitted to 
experimental data (e.g. XRD, NMR, IR). For the successful performance of these methods the reliable 
and correct parameterization of the interactions is crucial. However, if such parameterization exists, 
these methods can be efficiently applied in the study of biopolymers e.g. for geometry optimizations, 
conformational searches, homology modelling and molecular dynamics, or free energy calculations. 
Ligands can be docked into the active site and interactions between the protein and the ligand can be 
analysed and the energy of binding can be predicted. This latter aspect is frequently exploited in the 
pharmaceutical industry in the virtual screening of compounds. One of the major drawbacks of 
molecular mechanics is that they cannot describe the formation and the breaking of bonds, and as a 
consequence they cannot be used to study chemical reactions.  
The protein environment plays a very important role in enzyme catalysed reactions. On the one hand it 
exerts a steric constraint to orient the reactants and increase their local concentration. On other hand it 
has a polarizing effect by which it can stabilize the transition states and/or destabilize the reactant 
states. Therefore, for accurate and detailed study of enzyme catalyzed reactions it is highly 
recommended to take into account the protein environment. At the same time we need a quantum 
mechanics based approach to describe the bond breaking/formation processes occurring in the catalytic 
cycle of the enzyme. Hybrid quantum mechanics molecular mechanics (QM/MM) methods offer this 
possibility, in which the most important atoms and groups are treated at higher QM level, and the other 
parts of the system are treated at lower MM level (Figure 1). 

 
Figure 1. Partitioning  of proteins in QM/MM methods 

 
Homology modelling of the catalytic domain of the CCT enzyme of Plasmodium falciparum 
Phosphocholine cytidylyltransferase (CCT) is the key regulatory enzyme in the synthesis of 
phosphatidylcholine, which is the most abundant phospholipid found in eukaryotic cell membranes. Its 
catalytic role is the synthesis of CDP-choline (CDPCho) (see the equation below) 

  
Plasmodium falciparum is the pathogen of malaria and if an inhibitor of its CCT enzyme could be 
developed it would seriously hinder the cell membrane formation of the pathogen and as such could 
offer a new therapeutic way to heal malaria. At the Institute of Enzymology one of us has been 
experimentally studying the CCT enzyme of P. falciparum and has prepared two variants of the 
enzyme (signed MCAT and M∆K, which is a cut mutant) and various other mutants (in which the 
choline coordinating Trp-692 is mutated to alanine, histidine or tyrosine, as well. In order to understand 
the experimentally determined differences between the kinetic and thermodynamic features of these 
mutants, it would be very helpful to have a three dimensional model of the wild type and the 
experimentally created mutants. These 3D models would allow the analysis and comparison of the 
interactions between the ligands and the enzymes. However, protein crystallization and their X-ray 
diffraction measurements are not routine processes, and for this reason, unfortunately, we do not have 
X-Ray structures yet of the proteins studied in this work.  
Homology modelling offers an alternative way to achieve our goal. It is based on the idea that 
evolutionary related proteins with similar amino acid sequences possess similar 3D structures. 
Therefore, if the structure of a protein is known (template), the structure of similar proteins can be 
predicted using homology modelling. 
We used the crystal structure of the catalytic domain of the rat CCT (PDB ID: 3HL4) as the template to 
build the homology models of the CCT enzymes of P. Falciparum. 42.21% of residues are identical 
between the rat and malaria CCT, which is considered high when homology models are prepared. First, 
we carried out the sequence alignment between MCAT/M∆K and the rat CCT using the ClustalW 
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software.[xxxiii,xxxiv] We modelled the region between residues 581 and 775 of the malaria CCT. In the 
non-conserved front region (residues 581-612) we slightly adjusted the alignment suggested in the 
literature.[xxxv]  
In the second step of the homology modelling we used the MODELLER 9v8 software 
[xxxvi,xxxvii,xxxviii,xxxix] to build the 3D structures of the MCAT/M∆K enzymes. We generated several 
models for both proteins, and selected one for each of them, characterized with a low objective function 
value. An important criterion of model selection was the appropriate position of the side-chains 
coordinating the CDPCho ligand. Unfortunately the MODELLER program cannot handle ligands in the 
active site, therefore we needed to place it manually in the homology models. In Figure 2. we depicted 
the essence of homology modelling and the two homology models fitted to each other. CCT is present 
as a homodimer. The M∆K model, which does not contain the residues from 720 to 737, is shown in 
green, while the MCAT model is represented in red. The major difference between the two models is 
the red loop present in the MCAT model. Its position is quite uncertain, as no template existed for it in 
the rat CCT template. This region is quite far away from the active site, and our experimental results do 
not suggest significant differences between the catalytic activities of the two proteins.  
The third step of homology modelling was the validation of the build models using the PROCHECK 
[xl,xli], WHAT_CHECK [xlii] and ERRAT [xliii] softwares. These programs did not detect serious 
disorders in the model structures indicating that they were suitable for further studies. As the two 
homology models are very similar, and the activity of the two proteins is comparable, we decided to 
use only M∆K model for further investigations. Furthermore, we only investigated the atoms within a 
25 Å sphere centered on the PA phosphorous atom of CDPCho ligand as we were mainly interested in 
the active site of the enzyme and it seemed unlikely that atoms farther than 25 Å would influence the 
results. This sphere is visible on the left side of the model. 

 
Figure 2. The essence of homology modelling and the two homology models  

The green is the M∆K and the red is the MCAT model. The Lys-rich segment (residues from 720 to 
737) is missing in M∆K. The sphere on the left side is the 25 Å environment of phosphorous called 
PA. 

 
In order to investigate the differences in the CDC ligand binding of the wild type and the mutated 
forms of enzyme, we created in silico mutated homology models, in which the Trp-692 is exchanged to 
Ala, His or Tyr. We carried out several 10 ns long parallel molecular dynamical simulations on the 25 
Å sphere truncated models to compare the behaviour of the wild type and the mutated forms. The 
length of these simulations is too short for large-scale conformation changes of the whole protein, but 
may be enough to demonstrate if the position of CDPCho ligand is not so stable in the cases of the 
mutants. If the ligand binding is weaker in the mutants, the movement of CDPCho molecule might be 
larger in the active site and it might lead to the damage of the original coordination system (composed 
by hydrogen bonds, salt bridges, cation-π interactions etc.) of the ligand. The active site of the CDPCho 
ligand is shown in the Figure 3. We presented the most important hydrogen bonds which coordinate 
the CDPCho ligand. The aromatic ring of Trp-692 (label shown in red) interacts with the choline group, 
and this residue has been mutated in this study,. The cation-π interaction is very important in the 

BME 2012 | Proceedings of PhD Workshops

83



coordination of choline-containing ligands, and its strength is comparable to that of  a common 
hydrogen bond [xliv]. 
 

 
Figure 3. The coordination of the CDPCho ligand in the M∆∆∆∆K homology model  

The position of CDPCho is stabilized by several hydrogen bonds. The Trp-692, which is mutated to 
Ala, His or Tyr, plays an important role in the coordination of CDPCho by cation-π interaction. 

In order to prepare the proteins for molecular dynamics simulations, the systems were solvated by 
using the explicit TIP3 solvent model, followed by the optimization of the whole system. The 
optimised structures were heated from 10 K to 310 K during 60 ps and equilibrated for 100 ps. After 
that 10 ns-long Langevin dynamics were performed using the CHARMM software [xlv] and 
CHARMM27 force field [xlvi].  We carried out 3 parallel MD simulations, differing only in the starting 
velocity distribution, for each mutant/wild type enzyme. We decided to do parallel MD simulations in 
order to obtain reliable results, as the usage of different starting velocities can lead to various 
trajectories, and having various trajectories may help in elucidating those factors which originate from 
the mutation of the Trp-692 residue.  
The most important results of MD simulations are the trajectories, which show us the evolvement of 
the system in time, in practice they contain a series of geometries. In order to compare the trajectories 
we used principal component analysis (PCA). PCA is a general method in statistics, primarily used for 
investigation of the interactions among the variables of a multivariate system. This method can be 
adapted for the analysis of MD trajectories. In this case the variables are the coordinates of the selected 
atoms. In the course of PCA the movement of the selected atoms is decomposed for linearly 
independent components. The first step is the generation of the covariance matrix, followed by the 
diagonalization of this matrix to obtain its eigenvalues and the eigenvectors. In this case the 
standardization of the variables is not necessary. The principal components are general coordinates, 
which can be obtained as the linear combinations of the original coordinates. The eigenvectors of the 
covariance matrix consist of the coefficients of these combinations. The eigenvalues are the variances 
of the adequate principal components, so these values represent the importance of the principal 
components. In the analysis we can compare the sum of the eigenvalues for each trajectory (if the 
selected atoms are the same in the active site), which shows the amount of movement in the active site. 
Larger values refer to significant movements, which can be due to the changes in the ligand position of 
the CDPCho ligand. Thus, if the position of the CDPCho ligand is not so stable in the case of the 
mutated forms, an increase in the value of total variance is expected.  
Based on the eigenvalues we are able to select the most important components of the movement, and 
visualize them. As this work is still on-going here we only present a single example, In Figure 4. the 
first principal component is depicted in the case of one of the parallel simulations using the tyrosine 
mutant (W692Y). In this case the PCA was carried out on the coordinates of the CDC ligand. The most 
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important observation is that the largest movements are on the left side but the place of the mutation is 
on the right side. The choline group only rotates around its original position, but the coordination of 
cytosine ring changes in the simulation and it leaves its original place.  
 

 
Figure 4. Example for visualizing principal components  

In this case the PCA was carried out based on the coordinates of CDPCho ligand. This is the first PC of 
one of the parallel simulations using the tyrosine mutant (W692Y). The place of the mutation is on the 
right side, but the most significant movements are on the left side of the molecule. 

As this work is still in progress we cannot yet definitely identify all the resaons for the different ligand-
binding properties of the wild type and mutant enzymes. We do see, however, that mutants behave 
differently during the course of the MD simulations and we are trying to understand the underlying 
causes.  
QM/MM investigation of direct hydride transfer in the P450nor enzyme [xlvii] 
 
Our second example is the investigaton of P450nor, which is a member of the superfamily of 
cytochrome P450 enzymes (P450s), which consists of proteins with a cysteine-ligated heme group in 
their active site. These enzymes are present in animals, fungi, plants and even in bacteria and viruses. 
In general, P450s catalyze a large variety of oxidation reactions (e.g., hydroxilations, epoxidations, 
demethylation). Nevertheless the P450nor is a special member of this group, because its catalitic cycle is 
different from the classic mechanism. Instead of oxidation this enzyme catalyzes a reduction reaction, 
and it does not require a redox partner, as most P450s do, to complete its catalytic cycle. 
The fungus Fusarium oxysporum is a denitrificating organism, and as it is able to convert nitrate ions to 
dinitrogen oxide in anaerobic conditions to gain energy for its vital cell processes. 

 
The last step is the conversion of nitric oxide to dinitrogen oxide in a multistep process, which is 
catalyzed by P450nor. The key step of the mechanism is the direct hydride transfer from the NADH 
cofactor to nitric oxide. We were interested in (1) whether the hydride ion is transferred to the nitrogen 
or oxygen end of nitric oxide (2) what is the structure of this peculiar intermediate formed in this 
reduction step (3) how does the initial crystal structure influence the results of QM/MM calculations. 
For our studies we used two crystal structures a docked structure in which NADH was docked into a 
ligand-free crystal structure [xlviii] and a co-crystallized structure which contained an NADH analogue 
[xlix]. Truncated structures (a sphere of a radius of 25 Å centered on the heme iron) were used like in the 
first example. The CHARMM27 [xlvi] force field and the CHARMM [xlv] software was used for the 
preparation of structures and for molecular dynamics simulations. For the QM/MM simulations the 
QoMMMa [l] software was used in combination with the Gaussian09 [li] and the TINKER [lii,liii] 
program packages. 
The active site of P450nor enzyme is presented in the Figure 5. The balls symbolize the QM atoms. 
Where chemical bonds had to be broken at the QM-MM interface hydrogen-type link atoms were used 
to close the electronic structure of the QM region.  
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In order to determine which atom of nitric oxide the hydride transfer is oriented to, we carried out 
adiabatic mapping using QM/MM methods. In the adiabatic mapping we vary the value of a pre-
selected and suitable reaction coordinate (in this case the H-N or H-O distance) and for each reaction 
coordinate value we determine the energy and geometry of the system. We obtained several energy 
profiles by this method for both crystal structures using various starting geometries selected from the 
conformational states generated by MD simulations. 
 

 
Figure 5. The active site of P450nor  

We represented cysteine-ligated heme group which coordinates the nitric oxide and the NADH co-
factor. The balls symbolize the QM atoms in the course of adiabatic mapping. 

Our results suggest that hydride transfer is exclusively directed to the nitrogen atom of NO, as the 
barrier of this process is lower by ~12 kcal/mol so the intermediate is [Fe(II)-NHO]- type. This state is 
considerably basic to become protonated by a water molecule and form a [Fe(II)-NHOH] state. 
 
Conclusions 

In this lecture using examples from our work we tried to demonstrate the variety of the computational 
techniques that can be used for investigation of enzymes. First, we showed an example for the 
modelling of non-reactive systems with building homology models in absence of any crystal structures, 
studying ‘in silico’ mutated enzymes by classical MD simulation and principal component analysis. In 
the second part of the talk we showed how QM/MM calculations can be used for the investigation of 
reactive systems.  
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1. The Doctoral School of Computer Science and Information 
Technologies 
 

The doctoral school was established in 1994 to spearhead research and development in 
the field of the theoretical and practical aspects of computer science and information 
technologies. Its focus includes research in discrete mathematics, algorithms, 
optimization of info-communication networks, as well as software technologies, 
cryptography, embedded systems, and model driven approaches, etc. The school 
integrates the research activities pursued in 10 different departments in the Faculty of 
Electrical Engineering and Informatics, Budapest University of Technology and 
Economics. The scientific activities in the school are conducted in two main groups: (i) 
info-communication systems; and (ii) intelligent systems. Since 1994 more than 100 
students have successfully defended their PhD theses and have been awarded with the 
degree. As far as the scientific outcome is concerned, the members, supervisors and 
students of the school have published several hundreds of high ranking journal papers 
and the cumulative impact factor goes beyond 2000. 

 

2. Research and development projects supported by TÁMOP-4.2.2/B-
10/1-2010-0009 
 
The main thrust of research supported by the TAMOP project is to investigate problems 
which need large scale simulations and computing. These objectives include the 
following R&D projects: (i) GPGPU applications; (ii) distributed software systems; (iii) 
distributed solution of complex modeling and optimization problems; (iv) distributed 
evaluation and topological analysis; (v) applications of declarative languages for 
reasoning; (vi) studying problems and algorithms of graph theory and geometry; (vii) 
simulation of complex info-communication systems; (viii) automatic verification of data 
security protocols.   
 

2.1 GPGPU Applications 

 
There is an increasing need in computer graphics for efficient management of complex 
scenes by using parallel processing. Furthermore, a fast evaluation of complex optical 
effects (e.g. global illumination effects) can only be implemented on parallel 
architectures. In the area of medical image processing and visualization, an efficient 
processing of large-scale volumetric data (e.g. CT, MRI, PET) requires the application of 
appropriate data partitioning schemes. 3D scenes of moderate complexity and volumetric 
data of medium resolution can be processed even on a single Graphics Processing Unit 
(GPU) in real time. However, more complex models can hardly be handled efficiently 
because of the limited local memory of the GPU. If the data does not fit into the local 
memory, it should be stored in the operative memory and its partitions have to be 
temporally loaded into the GPU memory for fast processing. In this case, however, the 
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computational capacity of the GPU cannot be fully exploited as the bottleneck is the 
limited bandwidth between the operative memory and the local GPU memory. To remedy 
this problem, GPU clusters can be applied, where a GPU node is assigned to each data 
partition. Therefore, huge data partitions do not have to be transferred. Instead, the nodes 
send image data to each other, which represent the processed data partitions. The 
corresponding research mainly focuses on the minimization of the communication 
overhead between the nodes.        
 
2.2 Distributed software systems  

 
Cloud computing solutions form the foundations of future IT systems which will be able 
to dynamically allocate resources (CPU power, memory and storage capacity, virtual 
machines, etc.) according to the current load at all times. These systems are particularly 
useful at large companies requiring massive, yet continuously changing amount of 
computing capacity where private cloud infrastructure offers great savings on IT costs. 
However, due to the relatively young nature of cloud computing, several competing 
private cloud solutions exist and none of them can be considered mature. This research 
project focuses on two areas. The first area addresses the interoperability issues between 
various private cloud providers by exploring the existing technologies and designing a 
common metamodel that could hide the differences between the cloud solutions. The 
second research area aims to develop resource scheduling algorithms for cloud 
infrastructures which are optimized according to various metrics. These improved 
algorithms would further reduce energy consumption of cloud systems by dynamically 
turning off unused hardware components. 
 
2.3 Distributed solution of complex modeling and optimization problems  

 
The major goal in this research topic is solving complex modeling and optimization 
problems efficiently in a parallel manner. In the project we deal with two applications 
network planning and data mining. Both require huge computation in practical 
applications. We develop new techniques for configuring routers in the current Internet 
such that the overall reliability and the efficiency of the network are improved. The 
network efficiency is either energy efficiency or increase in throughput by better using 
the network capacities. Besides, our goal is to develop a suite of new parallel data mining 
and text mining algorithms for several applications, such as automatically processing the 
information for medical journals and books. Last but not least we focus on "black box" 
optimization algorithms that can run parallel on desktop grids. We are mainly interested 
in developing a scalable integer linear program solver. 
 
2.4 Distributed evaluation and topological analysis 

 
Pattern recognition has several differing aspects. Some of them are covered by this R&D 
project, which includes the fetal acoustic heart sound analysis with identifying heart 
murmurs; identification of various intrusion sequences in computer networks, and finally, 
topological analysis of archaeological inscriptions. In these three different fields, similar 
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pattern analysis and data mining methods can be used. The difficulty of the pattern 
analysis of these areas is that the measured or observed values are results of various 
effects, which cannot be modeled exactly. Therefore our research focuses on the applied 
statistical and knowledge-mining methods as statistical simulation and cluster analysis. 
 
2.5 Applications of declarative languages for reasoning 

 
Declarative programming languages allow high level formulation of domain problems. 
Hence the programmer can focus on what needs to be solved and has to worry less about 
how to solve it. In particular, the built-in reasoning mechanism behind the Prolog logic 
programming language can be used to solve various complex reasoning problems. We are 
currently exploring the use of declarative programming tools for type analysis, with 
special emphasis on constraint programming. We are developing a static type inference 
tool for the Q functional programming language, which has the potential to greatly 
enhance programmer productivity, by discovering typical programmer errors in 
compilation time. 
 
2.6 Studying problems and algorithms of graph theory and geometry 

 
Problems pertaining to the sub-fields of graph theory and computational geometry tend to 
emerge virtually all the time in countless areas of Information Technology. Although 
efficient algorithms are already known for many of the oft-occurring problems, there are 
many questions left to be answered, especially when one considers concepts such as 
randomized and/or distributed algorithms. Specifically, our research mainly focuses on 
the following topics: (i) investigating how and when randomization allows for more 
efficient algorithms than deterministic ones, with emphasis on the data structures being 
used; (ii) analyzing the complexity of deterministic, randomized and/or distributed 
algorithms on conventional and random inputs; and (iii) devising new algorithms that 
improve upon these complexity bounds. 
 
2.7 Simulation of complex info-communication systems  

 
With the improvement of computer infrastructure and the steep growth of computational 
capacity at hand, simulation techniques get more and more important role in engineering 
design practice. Simulations provide a way to reveal bottlenecks and potential failures of 
the system without preparing prototypes, making the development process of complex 
infrastructures more effective regarding both cost and time. The basis of the simulation is 
the definition of differential equations describing physical laws of the system, and 
determining coupling relations using the proper boundary conditions, representing the 
interactions between the parts of the complex system. Then, by means of spatial and 
temporal discretization, a set of algebraic equations is obtained and to be solved. The 
computational complexity of the problem is characterized by the total number of degrees 
of freedom (DOF), which gives the number of unknowns in the equations. Naturally, to 
achieve more accurate results, the number of DOF has to be increased. In order to model 
a complex system with sufficient accuracy even tens of millions DOF can be needed. 
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Selecting the discretization method properly, the solution algorithm can be parallelized 
with extremely good efficiency. In our case the finite element of finite volume methods 
can serve as an example, which can reduce communication time between the cores 
performing the computation. When the solution process is distributed over a number of 
cores, computational time decreases steeper than linear, which means a remarkable 
advantage for parallelization. Thus, if communication between cores does not mean too 
much overload, the solution process is speeded up more than linearly. This phenomenon 
is called super-speedup. Therefore, the capacities of a supercomputer could provide 
maximal efficiency for these simulations. 
 
Quantum channels can be implemented in practice very easily and make it possible to 
send various types of information. Contrary to classical channels, quantum channels can 
be used to construct more advanced communication primitives. Recently, there has been 
much progress toward describing the properties of quantum channels. However, there are 
still many open questions. The research work focuses on the still unsolved questions of 
quantum information processing, quantum communications and quantum cryptography 
by combining statistical, mathematical, informational theoretic analysis and algorithmic 
tools. With the help of the proposed research work, the information transmission can be 
realized in a very noisy channel or network environment. In quantum communications, it 
is possible to use zero-capacity quantum channels for perfect information transmission. 
The complete theoretical background for describing the method of capacity recovery of 
very noisy quantum channels is still unknown. The success of future long-distance 
quantum communications and global quantum key distribution systems strongly depends 
on the development of efficient quantum repeaters. We show that the efficiency of the 
quantum repeater can be increased extremely, which opens new perspectives in future 
long-distance quantum communications. We present a fundamentally new idea, which 
enhances the efficiency of the quantum repeaters. An efficient quantum error-correction 
technique will be developed for very noisy optical and satellite quantum channels, which 
can also be used in long-distance quantum communications. In the proposed research, a 
large set of possible quantum states, channel models, and channel probabilities have to be 
analyzed, which require extremely powerful computer architecture with multi-core 
technology. 
 
2.8 Automatic verification of data security protocols 

 
The security of info-communication networks and computer systems are very important issues 
nowadays. Conventional data security objectives, such as secrecy, integrity and authenticity, can 
be achieved by the application of security protocols. Unfortunately, designing security protocols 
is a very difficult issue, which is confirmed by the fact that critical security holes are found in 
many widely used security protocols. Informal analysis of security protocols and systems is error-
prone, thus, it is not considered to be a reliable approach. Instead, formal analysis and systematic 
methods are required, which are more precise. One further advantage of using formal methods is 
that they enable automated verification.   The goal of the research is to propose effective formal 
and automated verification methods which allow either proving the security of protocols and 
systems or detect security holes. The research covers two main topics: (i) Automated security 
verification of WSN transport protocols; (ii) automated verification of secure routing protocols. 
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Static Type Inference as a Constraint Satisfaction Problem 
Zsolt Zombori, János Csorba, Péter Szeredi 

 

Abstract: 

We describe an application of Prolog: a type analyzer tool for the Q functional language. 
Q is a dynamically typed language, much like Prolog. Extending Q with static typing 
improves both the readability of programs and programmer productivity, as type errors 
are discovered by the tool at compile time, rather than through debugging the program 
execution. We map the task of type inference into a constraint satisfaction problem and 
use constraint logic programming, in particular the Constraint Handling Rules extension 
of Prolog. We determine the possible type values for each program expression and detect 
inconsistencies. As most built-in function names of Q are overloaded, i.e. their meaning 
depends on the argument types, a quite complex system of constraints had to be 
implemented. 

 

Introduction: 

Our paper presents most recent developments of the qtchk type analysis tool, for the Q 
vector processing language. The tool has been developed in a collaborative project 
between Budapest University of Technology and Economics and Morgan Stanley 
Business and Technology Centre, Budapest. The main goal of the type analyzer is to 
detect type errors and provide detailed error messages explaining the reason of the 
inconsistency. Our tool can help detect program errors that would otherwise stay 
unnoticed, thanks to which it has the potential to greatly enhance program development. 

We perform type inference using constraint logic programming: the initial task is mapped 
into a constraint satisfaction problem (CSP), which is solved using the Constraint 
Handling Rules extension of the Prolog programming language. 

In the following, we present the constraint satisfaction problem, we show how type 
inference can be mapped into a CSP and how the problem can be solved. Finally, we 
briefly report on our implementation. 

 

Constraint Satisfaction Problem:  

A constraint satisfaction problem (CSP) can be described with a triple CDX ,,  where 

• }...{ 1 nxxX = is a series of variables, 

• }...{ 1 nDDD = is a series of finite sets called domains, 

• variable ix can only take values from domain iD , 

• }...{ 1 kccC =  is a series of constraints, i.e., atomic relations whose arguments are 

variables from X . 
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A solution to a CSP is an assignment to each Xxi ∈ a domain element ii Dv ∈  such that 

all constraints Cc∈ are satisfied. A value id  of a variable ix  that appears in a constraint 

c  is superfluous in case there is no assignment to the rest of the variables of c  along with 

ii dx =  that satisfies the constraint. Removing superfluous values from the corresponding 

domains yields an equivalent CSP. 

There are two mechanisms that lead to a solution of a CSP. First, constraints constantly 
monitor the domains of their variables and remove superfluous values. Second, in case 
constraints fail to reduce some domain to a single value, we apply labeling: we choose a 
variable ix  and split its domain into two parts, creating a choice point where each branch 

corresponds to a reduced domain. Through a backtracking search we explore the 
branches. Constraints can wake up as the domains of their variables change and can 
further eliminate superfluous values. In case a domain becomes empty, we roll back to 
the last choice point. By the end of labeling, either we find a single value for each 
variable such that all constraints are satisfied, or else we conclude that the CSP is 
unsatisfiable. 

 

Mapping Type Inference into a Constraint Satisfaction Problem:  

Type reasoning starts from a program code that can be seen as a complex expression built 
from simpler expressions. Our aim is to assign a type to each expression appearing in the 
program in a coherent manner. The types of some expressions are known immediately 
(atomic expressions, built-in function symbols), while other types might be provided by 
the user through a type declaration. Besides, the program syntax imposes restrictions that 
can be interpreted as constraints between the types of certain expressions. A coherent 
type assignment respects all user declarations and all constraints. 

We associate a CSP variable with each expression of the program. Each variable has a 
domain, which initially is the set of all possible types.  Different type restrictions can be 
interpreted as constraints that restrict the domains of some variables. In this terminology, 
the task of the analyzer is to assign a value to each variable from the associated domain 
that satisfies all the constraints.  

However, our task is more difficult than a classical CSP, because type expressions can be 
arbitrarily embedded into each other (e.g. list(int), list(list(int))), hence there are infinitely 
many types, which cannot be represented explicitly in a list. Another difficulty is that the 
types are not necessarily disjoint. For example, the expression 1.1f might have type float 
or numeric as well. It is evident that every expression which satisfies type float also 
satisfies type numeric, i.e., float is a subtype of numeric. The subtype relation is a partial 
ordering over type expressions. We use this relation to represent infinite domains finitely 
as intervals: a domain is represented with an upper and a lower bound. This is possible 
because the type restrictions in a Q program naturally translate into upper and lower 
bound constraints. We demonstrate this with a simple example: 

//$ f: numeric -> tuple([int,int]) 

a: f[b] 
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According to the declaration, variable f is a function that maps numeric values to tuples 
of two integers. The code that follows is a simple function application and an assignment: 
f is applied to b and the result is assigned to variable a. We can infer that the type of b 
must be at most numeric, which can be expressed with an upper bound. The result of f[b] 
has the type tuple([int,int]), which means, that the type of a must be at least 
tuple([int,int]), which can be expressed with a lower bound. 

We build an abstract syntax tree representation of the input program. Afterwards, we 
traverse the tree and impose constraints on the types of the program expressions. The 
constraints describing the domains of variables are particularly important, we call them 
primary constraints. These are the upper and lower bound constraints. We will refer to 
the rest of the constraints as secondary constraints. Secondary constraints constrain 
several types and eventually restrict domains by generating primary constraints, when 
their arguments are sufficiently instantiated, i.e., when their domains are sufficiently 
narrow. The order in which constraints are added is irrelevant. Constraints that can be 
used for type inference can originate from the following sources in a Q program: 

1. Type declarations: If the user gives a type declaration, the expression will be 
treated having the declared type.  

2. Built-in functions: For every built-in function, there is a well-defined relation 
between the types of its arguments and the type of the result. These relations are 
expressed by adequate constraints. For each built-in function we need to 
implement a constraint to describe how the constraint is supposed to narrow 
domains.  

3. Atomic expressions: The types of atomic expressions are revealed already by the 
parser, so for example, 2.2f is immediately known to be a float. 

4. Variables: Local variables are made globally unique by the parser. This means, 
that variables with the same name are equal, hence their types are also equal. 

5. Program syntax: Most syntactic constructs impose constraints on the types of 
their constituent constructs. For example, the first argument of an if-then-else 
construct must be a boolean value.  

 

Constraint Reasoning: 

Constraint reasoning is based on a production system, i.e., a set of IF-THEN rules. We 
maintain a constraint store, i.e., the set of constraints to be satisfied for the program to be 
type correct. We start with the constraints generated from the abstract syntax tree. A 
production rule fires when certain constraints appear in the store and results in adding or 
removing some constraints. For example, two upper bounds on the same variable x  are 
merged using the following rule: IF α≤x  and β≤x  THEN add ),min( βα≤x , remove 

α≤x , remove β≤x . 

The semantics of the constraints is given by describing their consequences and their 
interactions with other constraints. At each step we systematically check for rules that can 
fire. The more rules we provide the more reasoning can be performed. Primary 
constraints represent variable domains. If a domain turns out to be empty, this indicates a 
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type error and we expect the analyzer to detect this. Hence, it is very important for the 
primary constraints to be as “smart” as possible. For this, we formulated rules to describe 
the following interactions of primary rules: 

• If a variable has two upper bounds, then they should be replaced with their intersection. 

• If a variable has two lower bounds, then they should be replaced with their union. 

• If a variable has an upper and a lower bound such that there is no type that satisfies 
both, this should be detected and the clash should be made explicit by setting the upper 
bounds to the empty set. 

• If a variable has an upper and a lower bound that contains other variables, then 
adequate constraints should be added to ensure that the domain cannot reduce to the 
empty set. 

Secondary constraints connect different variables and restrict several domains. The way 
they influence one variable might depend heavily on the value of some other variable(s). 
Hence, often secondary constraints cannot partake in the reasoning until more is known 
about the possible values of their arguments. Unfortunately, it is not realistic to capture 
all interactions of secondary constraints in our production system. For this we would need 
a production rule for any set of constraints such that each member has the potential to 
restrict the domain of the same variable. The number of rules would be exponential in the 
number of constraints, which is too much for any reasonably complex target language. 
For the Q language, we use over 60 different secondary constraints. The rules cannot be 
automatically generated: they are needed to capture the highly irregular nature of the 
language and we could not find any general pattern to characterize their interactions. 

In our solution, we fully describe the interaction of secondary constraints with primary 
constraints, i.e., we formulate rules of the form: if certain arguments of the constraints are 
within a certain domain, then some other argument can be restricted. For example, in Q if 
there is a summation and we already know that the arguments are numeric values, then 
the result must be either integer or float. If the second argument later turns out to be float, 
then the result must be float as well. Afterwards, there is nothing more to be inferred and 
the constraint can be eliminated from the store. 

Our aim is to eventually eliminate all secondary constraints. If we manage to do this, the 
domains described by the primary constraints constitute the set of possible type 
assignments to each expression. If some domain gets restricted to the empty set, this 
means that the corresponding expression cannot be assigned any type, i.e., we have a type 
error. At this point we mark the erroneous expression, as well as the primary constraints 
whose interaction resulted in the empty domain. This information – along with the 
position of the expression – is used to generate an error message. The primary constraints 
are meant to justify the error. 

 

Implementation: 

We built a Prolog program called qtchk that implements the type analysis described in 
this paper. The program runs equally in SICStus Prolog 4.1 and SWI Prolog 5.10.5. It 
consists of over 8000 lines of code. Constraint reasoning is performed using the 
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Constraint Handling Rules extension of Prolog. Q has many irregularities and lots of 
built-in functions (over 160), due to which a rather complex system of constraints had to 
be implemented using over 60 constraints.  

 

Evaluation:  

We have started testing on our tool. We used Q programs written by ourselves, as well as 
programs that can be found on the web.  Here we summarize our findings. 

1. Analyzing a typical Q program (100 – 200 lines of code) can take 3-5 minutes. 
This is slow for an interactive system, but in our case it is acceptable, since a 
programs can be checked offline. 

2. We found syntactically correct Q programs where our tool indicated a syntax 
error. It turned out that it was because the programs used language elements that 
are not needed by our partners at Morgan Stanley. We do not support the whole Q 
syntax, only the part that is used by Morgan Stanley. 

3. We found type correct Q programs where our tool indicated a type error. This is 
because we make some restrictions in our type system that Q does not. These 
restrictions are meant to discourage dangerous coding practices and to enable 
more to be inferred by the tool. These restrictions are the result of negotiations 
with Q programmers at Morgan Stanley. The restrictions typically involve the 
types of built-in functions. For example, the function raze flattens lists of lists 
into a list i.e., raze (1 2; 3 4) results in the list (1 2 3 4). When the argument of 
raze is not a list of lists, then it returns the argument unmodified. This, however, 
is not the intended meaning of the function and we disallow this use by declaring 
its type )())(( XlistXlistlist → . 

 

Conclusions: 

We presented the theoretical background of a tool that can be used for checking Q 
programs for type correctness. We proceed by mapping the initial task into a constraint 
satisfaction problem which we solve using constraint logic programming tools.  

We have found that our program is a useful tool for finding type errors, as long as the 
programmers adhere to some coding practices. The coding practices are the ones 
negotiated with Morgan Stanley. 

 

Acknowledgement: The work reported in the paper has been developed in the 
framework of the project „Talent care and cultivation in the scientific workshops of 
BME" project. This project is supported by the grant TÁMOP - 4.2.2.B-10/1--2010-0009 
 

BME 2012 | Proceedings of PhD Workshops

98



Glyph Identification Based on Topological Analysis 
Raymond Pardede, Loránd Tóth, Gábor Hosszú, Ferenc Kovács 

 

Abstract: This paper proposes a novel mathematical model that describes the logical relationship 
among glyphs belong to the same script. The proposed model is presented as three logical layers namely 
Topology, Visual Identity, and Phonetic layers. In the Topology Layer, a unique glyph that represents a 
grapheme is defined by a set of geometrical properties. Furthermore in the Topology Layer, the relation 
between two different glyphs is defined by the number of topological transformation steps required to 
transform the shape of one glyph into another. In the Visual Identity Layer, the glyphs of a single grapheme 
share some topological attributes in common. Some graphemes of a script from different age may have 
similar Common Identity. For that particular case, to be able to distinguish them, the evaluation must be 
extended by means of phonetic attribute of the graphemes. The article presents a potential implementation 
of the proposed three-layer hierarchical grapheme model. 

Introduction: The writing system is a symbolic representation of a language described 
in terms of linguistic units  [1], where the grapheme (most typically a letter) is the 
smallest semantically distinguishing fundamental unit in a particular writing system. 
Likewise, glyph refers to a specific shape, a representation of a grapheme. Different 
glyphs can be certain representations of the same, abstract grapheme. 

The studies related to glyphs of particular script are challenging topics for archeologists 
and anthropologists, one of them are deciphering undeciphered glyph discovered through 
excavation, reading patterns in glyphs transformation, etc. The effective software may 
accelerate the research time and to provide more accurate result through the automatic 
process. Producing that software needs a support of a solid mathematical model. 
Therefore, our main challenge is to develop such descriptive mathematical model as a 
useful framework for the archeologist and anthropologist in supporting their research. 
Such model can be used for describing how a glyph could transform from one shape to 
another, or try to estimate how other external parameters (e.g. writing instrument) could 
affect the transformation of a glyph. 

Literature Review and Objectives: The writing system of a spoken language 
changes periodically after being established  [2]. The changes can occur as changing of set 
of symbols, which encompasses the shape transformation of a glyph. A reason of writing 
system alteration is the establishment of more advanced writing media or instruments. 
The establishment of more advanced writing technology introduces new writing 
technique, which impacts the shape of the glyph of a grapheme.  

Deciphering, decomposing, classifying, and recognizing pattern of glyphs are the main 
challenges to be answered by the proposed model presented in the followings. 

The Proposed Grapheme Model: The developed grapheme model is formed by 
using three approaches as the following: (i) topological based, (ii) visual identity based, 
and (iii) phonetic based approach, and is represented as layer-based model, see Figure 1. 
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Figure 1: A hierarchical, three-level model for the grapheme 

In the Topology Layer a single glyph is described by a complete set of geometrical 
attribute. As an example, a glyph YYYY can be defined as “a glyph that has a single and not 

rotated vertical line where the top-edge of the line is located at the very top-center of the 

shape and the bottom-edge of the line is located at the very bottom-center of the shape”. 

In this layer, one glyph shape can be transformed into another by applying a chain of 
basic operators. These operators can be applied onto the whole glyph, or only onto a part 
of them so called element. The elements of a glyph can be determined by using of the 
following method: suppose that we write on the paper by using a pen, when the pen 
touches the paper followed by drawing a line and then pulled up leaving the paper it is 
identified as a single element, see Figure 2 (a) for some examples. 

The transformation from one glyph into another can be expressed in general by the 
mathematical equation (1). The G1 is the initial topological structure of one glyph before 
the transformation and G2 is the topological structure as the result of the transformation 
of G1. T is the transformation matrix composed of set of basic operators O in sequence. 

)(
12 GTG =  (1) 

For instance, the Rotating basic operator is expressed as O3 and has parameter Ө to 
indicate the degree of the rotation, see equation (2). As an example, see Figure 2 (b). 

),('
131
θGOG =  (2) 

G1 G1'

θ

 

Figure 2: (a) How to determine elements of a grapheme  

(b) An example of a Rotating operator is applied to a glyph 

When a basic operator Oi is applied only for an element of a glyph, the element is 
expressed as G(En), where n is the element sequence number that is initially defined 
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before the Topology Model is iterated. Using (2), when a basic operator Rotation is 
applied only for En of G1, (2) must be modified resulting the Equation (3) as follows. 

)),(('
131

θEGOG n
=  (3) 

The Visual Identity Layer focuses on determining the possible unique identity of a 
writing symbol based on the human visual perspective in identifying an object. It 
describes those significant parts of the topological attributes of a grapheme, which are 
necessary to distinguish a grapheme from another in a given writing system. In Figure 3, 
one can recognize all the glyph variants as grapheme “A” since they have the same visual 
identity. The Common Identity consists of two components: The first component is a 
loop shape which has to be on the top, and the second component is the symmetrical feet 
that support the figure. 

   

Figure 3: The grapheme “A” in many glyph variants and its Common Identity 

The Visual Identity Model relies on the principle that glyphs of one grapheme have 
common visual elements representing the grapheme. The main differences between the 
topology based and the visual identity based approaches are defined in the Table 1. 
 

 Normalized glyph Common Identity 

Layer, where it is 
defined and used 

Topology Layer Visual Identity Layer 

Way of description 
Ideal essence of the real 

glyph 
Selection of topology attributes 

Purpose 
Describing an ideal shape of 
a grapheme, and the scribes 
try to draw similar shapes. 

To make the shape to be 
distinguishable from other 

graphemes in a writing system. 

Table 1: Difference between the Topology and the Visual Identity layers 

The phonetic approach focuses on distinguishing a grapheme by defining its associated 
set of sound values. In our approach, the Phonetic Layer in the grapheme model (shortly 
Phonetic Model), the attributes used in the Phonetic Layer are the sounds. Considering 
the inscriptions, the glyphs used in these inscriptions symbolized various sound values. 

In the Phonetic Layer, it is necessary to examine that which phonetic values can be 
represented by each glyph. If a set of sound values can be defined, the glyphs with 
Common Identity representing the same set of sound values can be identified as the 
glyphs of a certain grapheme. 

Examples of Glyph Model Implementation: A possible application of the introduced 
three-level grapheme model is the identification the meaning of still-undeciphered 
inscriptions  [6]. There are several archaeological findings with undeciphered texts on 
their surfaces. Their graphemes typically differ from the normalized shapes of the 
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alphabets; therefore it is very hard to identify an undeciphered symbol to the normalized 
glyph of a grapheme in an alphabet. In several cases one symbol could be identified as 
different graphemes. In order to decide, which is the good way in deciphering the 
inscription; it is useful to calculate how many topological operations are necessary to 
apply in sequence in order to transform a symbol of the inscription into a certain glyph of 
a grapheme. After calculation the sequence of the topological operation for each symbol 
of the inscription and each glyphs of the graphemes of an alphabet, the “similarity 
distance” between a symbol of the inscription and each graphemes can be calculated by 
comparing the number of necessary operators in the determined sequences. 

One example can be seen on Figure 4. The relic from around 900 in was found in Bodrog 
Village in Somogy County (Hungary) by the archaeologist Magyar on the 24th of March 
1999  [7]. The size of the relic is 6.2 cm × 4.2 cm, its thickness is 1.2 cm  [4]. 
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Figure 4 – Application of the three-level grapheme model 

The number of possibilities of reconstructing damaged, still undeciphered glyphs is very 
high. Therefore, this problem needs a large computation effort, which makes the cluster 
based supercomputing technology as a required solution. The computational background 
of the described glyph identification method is presented in Figure 5. 
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Figure 5 – The computation scheme of the glyph identification problem 

Conclusions: The paper presented a three-layer approach to the grapheme modeling, 
which is consisted of the Phonetic Layer, Visual Identity Layer, and Topology Layer. The 
main features of these models with the distinguishing tools being applicable in each layer 
are introduced. Moreover, two possible applications of the grapheme model, the tie-
dependent modeling of the evolution of a script and the scientific verification of the 
deciphering of an inscription are also described. The use of the proposed new approach is 
demonstrated on examples. 

Acknowledgement: The work reported in the paper has been developed in the 
framework of the project „Talent care and cultivation in the scientific workshops of 
BME" project. This project is supported by the grant TÁMOP - 4.2.2.B-10/1--2010-0009 
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Classical and Quantum Communication with Superactivated 
Quantum Channels 

 
László Gyöngyösi, Sándor Imre 

 
 
 

Abstract: In the first decade of the 21st century, many revolutionary properties of quantum channels 
were discovered. These phenomena are purely quantum mechanical and completely unimaginable in 
classical systems. Recently, the most important discovery in quantum information theory was the 
possibility of transmitting quantum information over zero-capacity quantum channels. The phenomenon 
called superactivation is rooted in the extreme violation of additivity of the channel capacities of quantum 
channels. Here we show, that using the superactivation effect, it is possible to develop efficient quantum 
repeaters with the elimination of the very inefficient and expensive purification process.  

 
Introduction: A quantum channel can be used to realize classical information 
transmission or to transmit quantum information, such as quantum entanglement. 
Information transmission also can be approached using the question of whether the input 
consists of un-entangled or entangled quantum states. This leads us to say that for 
quantum channels, many new capacity definitions exist in comparison to a classical 
communication channel. In the case of a classical channel, we can send only classical 
information. Quantum channels extend the possibilities, and besides the classical 
information we can send entanglement-assisted classical information, classical private 
information, and of course, quantum information. On the other hand, the elements of 
classical information theory cannot be applied in general for quantum information—in 
other words, they can be used only in some special cases.  

There is no general formula to describe the capacity of every quantum channel 
model, but one of the main results of the recent researches was the “very simplified” 
picture, in which the various capacities of a quantum channel (i.e., 
the classical, private, quantum) are all non-additive. There are many phenomenon in 
quantum systems that cannot be described classically, such as entanglement, which 
makes it possible to store quantum information in the quantum correlation of quantum 
states. Entangled quantum states are named EPR states after Einstein, Podolsky, and 
Rosen, and a subset of them after are called Bell states, after J. Bell. Quantum 
entanglement was discovered in the 1930s, and it may still yield many surprises in the 
future. Currently it is accepted that entanglement has many classically indescribable 
properties and many new communication approaches can be based on it. Quantum 
entanglement plays a fundamental role in advanced quantum communications, such as 
teleportation, quantum cryptography, and quantum communication processes.  

By the end of the 20th century, many advanced and interesting properties of 
quantum information theory had been discovered, and—as it seemed—most questions 
concerning quantum channel capacities had already been answered. At the dawn of this 
millennium new problems have arisen whose solutions are still unknown, and which have 
opened the door to many new promising results, such as the superactivation of zero-
capacity quantum channels. The theoretical background of the superactivation of 
quantum capacities is currently unsolved; however, it is based on the extreme violation of 
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the additivity property—in other words, on the non-additivity of the various quantum 
channel capacities.  
 
Research Method: In our work, we apply computational geometry in quantum space. 
With the help of efficient computational geometric methods, the superactivation of 
optical quantum channels can be analyzed very efficiently. We would like to analyze the 
properties of the quantum channels using current classical computer architectures – since, 
currently we have no quantum computers - with the most efficient currently available 
algorithms. To this day, the most efficient classical algorithms for this purpose are 
computational geometric methods. We use these classical computational geometric tools 
to discover the still unknown “superactive” zero-error capacity optical quantum channels. 
At present, computational geometry algorithms are an active, widely used and integrated 
research field. To study the geometry of superactivation, we define a new abstract 
geometrical object, the quantum informational superball.  

 

Future Quantum Communications: The superactivation of quantum channels 
makes it possible to use two zero-capacity quantum channels with a positive joint 
capacity for their output. Currently, we have no theoretical background to describe all 
possible combinations of superactive zero-capacity channels; hence, there may be many 
other possible combinations. Before our research work, the superactivation of classical 
capacity seemed to be completely unimaginable. As we have proven, the superactivation 
of classical capacity is also possible. Moreover, as we have found, it works for the most 
generalized quantum channel models, which describe the most natural physical processes.  
The biggest problem in future quantum communications is the long-distance delivery of 
quantum information. Since the quantum states cannot be copied, the amplification of 
quantum bits is a more complex compared to classical communications. The success of 
future long-distance quantum communications and global quantum key distribution 
systems strongly depends on the development of efficient quantum repeaters.  

 

Standard Quantum Repeaters: The quantum repeater is based on the transmission 
of entangled quantum states between the repeater nodes. The entanglement creation uses 
the quantum communication channel; hence some noise is added to the transmitted states. 
In the next step, the created entanglement has to be purified. The purification is an error-
correcting scheme, and it uses local quantum operations only – hence these operations 
can be realized in the separated base stations locally.  

The working mechanism of the quantum repeater with the entanglement sharing 
and the swapping is illustrated in Fig. 1. 
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Fig. 1. The standard model of the quantum repeater with noisy quantum channels. The structure of the quantum repeater consists of a 

chain of base stations and the information is transmitted via quantum teleportation. 

 
The main task is the improvement of the fidelities of the shared entangled states. The 
most important part of quantum communication between quantum repeaters is the 
entanglement purification. This step purifies the noisy quantum states, however this 
process requires a lot of resources in the quantum nodes, and it cannot be implemented 
efficiently in current solutions. The creation of high-fidelity entanglement between the 
nodes requires a lot of entangled pairs, while the purification process is a computationally 
very complex. In order to recover fidelity of entanglement from noisy quantum states 
purification is needed. The efficiency of the quantum repeaters in future would be 
incremental only if the efficiency of the purification process could be dramatically 
increased.   
 

Our Solution: The zero-error capacity of the quantum channel describes the amount 
of information which can be transmitted perfectly through a noisy quantum channel. The 
superactivation of the zero-error capacity of quantum channels makes it possible to use 
noisy quantum channels with perfect information transmission. The zero-error capacity of 
the quantum channel can be a very important measure where perfect communication is 
required or the resources for communication are very limited. The superactivation of 
quantum channels may be the starting-point of a large-scale revolution in quantum 
information theory and in the communication of future quantum networks where 
quantum channels are extremely noisy.  

In Fig. 2, we show possible ways of applying superactivation in the quantum 
repeater structure. The superactivation makes it possible to transmit information perfectly 
between the repeater stations, using very noisy quantum channels. Superactivation can be 
applied to an optical-fiber based optical quantum communication network, or in a free-
space environment, both in a dense metropolitan area or over very long distances to 
improve the quality of information transmission.  
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Fig. 2. The superactivation of zero-error capacity can help to transmit information through a very noisy quantum network, and the 

information can be transmitted perfectly through a temporarily unavailable quantum channel. 

 
The proposed new method can be very valuable tool to realize noiseless quantum 
communication between the repeater nodes. Using the superactivation of quantum 
channels, the efficiency of the quantum repeater can be increased, since the purification 
steps can be completely removed, and the long-distance quantum communication 
techniques can be revolutionized.  
 

Superactivated Quantum Repeaters: The newly developed quantum repeater 
uses noisy quantum channels such as in the case of standard quantum repeaters. On the 
other hand, these quantum channels can be used for perfect information transmission, and 
the entangled quantum states can be sent through the channels with maximal fidelity. As 
a conclusion, no further purifications needed during the communication.  
The basic model of the superactivated quantum repeater is depicted in Fig. 3. 
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Fig. 3. The newly developed quantum repeater with noisy quantum channels and perfect information transmission. 

 
The proposed joint channel structure between the repeater nodes contains two different 
classes of Gaussian quantum channels with zero zero-error capacity individually.  

The general view of the zero-error information transmission over Gaussian 
quantum channel is shown in Fig. 4. The input message is denoted by iX . The encoder  

E  and the decoder D  were implemented by optical devices, the quantum channel is a 
Gaussian quantum link. The i-th entangled photon pair iΨ  consists of entangled particles 

{ }00 01,i β βΨ ∈ , and ( ) ( ) ( ) ( ) ( ) ( )1 1 1 2 2 2,i i i i i iρ ρ= Ψ Ψ = Ψ Ψ  denote the density 

matrices of first and the second qubits of the EPR state. To realize the superactivation of 
the Gaussian quantum channel, we construct a joint channel denoted by 12 1 2= ⊗G G G , 

using two Gaussian quantum channels denoted by 1G  and 2G . 
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Fig. 4. Information transmission with zero-error over a Gaussian quantum channel. 

 

Numerical Results: We have discovered that the possibility of the superactivation of 
the zero-error capacity depends on the length of the input codewords ( )N  encoded by the 

EPR photons, and on the number of input codewords ( )M  that can be distinguished by 

the POVM (Positive Operator Valued Measure) operators (called the non-adjacent 
codewords) performed by the optical decoder. We analyzed the classical zero-error 
capacity with using input blockcode length up to 21N =  EPR pairs, with ( ) 332M N =  

non-adjacent input codewords, these results are shown in Fig. 5(a). Axis x represents the 
length of the input codewords encoded by EPR photon pairs, the y-axis illustrates the 
number of input state subspace length (M) with non-adjacent input codewords N. In Fig. 
5(b) the results for the quantum capacity are shown. In that case we used blockcode 
length up to 45N =  EPR pairs, with ( ) 2148M N =  non-adjacent input codewords.  

 
Fig. 5. (a): Superactivated classical zero-error capacity. The non-adjacent input codewords as a function of the length of the input 

quantum blockcode. We have found only one possible constellation for the superactivation in the analyzed domain. (b) Results on the 
quantum zero-error capacity. The superactivation of quantum zero-error capacity requires different input settings. 

 
The results demonstrate that it is possible to transmit classical and quantum information 
perfectly over very noisy Gaussian quantum channels. For the zero-error quantum 
capacity, As we have found, within this large parameter domain, there is only one 
combination of input length of EPR photon pairs (N) and input state subspace length (M, 
the number of POVM elements of the joint measurement) for which the zero-error 
capacity of two Gaussian quantum channels can be superactivated. On the other hand, for 
larger values of N, and M, or different channel models, other solutions could be possible. 
Our goal is to discover these still unrevealed combinations in the near future. 
 
Performance Analysis: The results of on the performance analysis of the 
superactivated quantum repeater are shown in Fig. 6. The red line depicts the rate of 
entanglement generation between the nodes using superactivated quantum channels, with 
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superactived quantum zero-error capacity. In Fig. 6(a) the dashed line depicts the 
entanglement generation rate between the repeater stations without entanglement 
purification using general noisy quantum channel, the solid line depicts the 
superactivated channel. In 6(b), the lines represent one round of purification using 
standard quantum channels (dashed line) and superactivated channels (solid line). The F 
represents the final fidelities in the repeater nodes. 

 
Fig. 6 (a). The rate of a standard quantum repeater (dashed line) and our newly designed quantum repeater (solid line) over a total 
distance of 1500 km, without purification using standard noisy quantum channels. (b). Comparison of superactivated zero-error 
quantum capacity with one-round of entanglement purification with standard quantum channels (dashed line) and superactivated 
quantum channel (solid line). The superactivated channels preserved entanglement nearly perfectly and the rate of entanglement 

generation increased significantly. 
 

From the results follows that using standard noisy quantum channels, the entanglement 
generation rate without purification is very low. On the other hand, if the quantum states 
are not purified, but the noisy quantum channels between the repeater nodes are 
“superactivated”, then the rate of entanglement generation for the hybrid quantum 
repeater becomes about eight-times higher in average in comparison to the case if the 
quantum states are not purified and “standard” noisy quantum channels were used.  
 

Conclusions: The superactivation of zero-error capacity cannot be imagined for 
classical systems. In the near future, superactivation can revolutionize communication 
over long-distances, and it can help to enhance the security of quantum communication 
and the performance of quantum repeaters. The entanglement purification is a cardinal 
question from success point of view during the entanglement sharing process between the 
base stations of the repeaters. The problem could be solved only if the fidelity can be 
maximized without the very expensive purification process. As our results have 
concluded, using very noisy quantum channels between the repeater stations, the fidelity 
of the states can be increased without the very inefficient and expensive purification 
methods. Since the physical realizations of quantum communication with noisy optical 
fibers will be one of the most important questions in experimental future 
communications, our research work will be of interest to scientists in other fields.  
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Network Optimization Techniques for Improving Fast IP-level 
Resilience with Loop-Free Alternates 

Levente Csikor, Gábor Rétvári, János Tapolcai 

 

Abstract 
Recently, due to the growing need for multimedia communication over IP, IP Fast ReRoute, the IETF 
standard for fast IP-level failure protection, has become very important. The basic specification for IPFRR 
is Loop-Free Alternates (LFA). LFA is simple and unobtrusive but, unfortunately, it usually does not 
provide full protection for all possible failure cases. Hence, many IPFRR proposals have come into 
existence, providing 100% failure coverage at the cost of significant changes and additional complexity to 
the IP infrastructure. Not surprisingly, therefore, currently LFA is the only IPFRR solution available in 
commercial routers. In consequence, there is now a growing need for network optimization techniques for 
improving LFA coverage in operational networks. In this paper, we present two such techniques. First, we 
investigate how to augment a network with only a few new links so as to maximize the number of protected 
failure scenarios. Then, we ask how the same effect can be achieved by optimizing the link costs. We show 
that these problems are all NP-complete and we give exact and approximate algorithms to solve them. Our 
numerical evaluations show that these algorithms are efficient for LFA network optimization and our 
methods can bring many networks close to perfect LFA coverage with only minor change in the topology. 
 
Introduction 

Recently, need for multimedia communication over IP, e.g., VoIP, streaming media, 
online gaming, video conferencing, and IPTV, has been increasing in an ever faster pace. 
For the Internet to become a truly ubiquitous platform for delivering dependable 
multimedia experience, however, IP communication services must guarantee the high 
reliability and five-nines availability (99.999% uptime) we got used to expect from the 
PSTN (Public Switched Telephone Network). Although the interruption of connectivity is 
tolerable for some traditional IP services, like WWW or email, it is devastating for real-
time applications. In an operational network, failures occur frequently due to various 
reasons, such as the disruption of a link, a router crash, etc. One of the main design 
objectives of the Internet has been the ability to recover from failures seamlessly [1]. 
Consequently, standard intra-domain routing protocols were from the outset designed 
with tolerance for failures in mind. After a failure, adjacent nodes recognize it and 
distribute this information to every node in the network, which in turn recalculate shortest 
paths with the failed component removed from the topology. This re-convergence, 
however, assumes full flooding of new link states, which is a time consuming process (it 
can take between 150ms and a couple of seconds depending on network size and routers' 
shortest path calculation capabilities). During this period packets are dropped due to 
invalid routes. To answer this challenge, the IETF (Internet Engineering Task Force) 
defined the IP Fast ReRoute Framework (IPFRR, [2]) for native IP-level protection. The 
main goal is to reduce failure reaction time to tens of milliseconds and improve the 
handling of transient failures. IPFRR techniques are based on two major principles: local 

rerouting after a failure and sending packets on a precomputed detour avoiding global re-
convergence. Locality means that only nodes adjacent to a failure know about it and they 
do not inform others. Precomputed, on the other hand, implies that the protection 
mechanism is proactive, so detours are computed and installed long before any failure 
occurs. Thus, if a link or node fails, adjacent nodes are able to switch to an alternate path, 
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this way bypassing the failed component and enabling the intra-domain routing protocol 
to converge in the background. In the past few years, many IPFRR proposals have 
appeared but only one solution made it into commercial IP routers [3], [4]. This method is 
called Loop-Free Alternates. In LFA, when connectivity to a next-hop is lost all the traffic 
is re-routed to an alternate next-hop, called a Loop-Free Alternate,  that still has a path to 
the destination that is unaffected by the failure. The alternate next-hop is selected in a 
way as to guarantee that it does not pass the packet back,  that would lead to an IPFRR 
loop and, eventually, to grave congestion and packet loss. Availability of a suitable LFA, 
however, strongly depends on the actual topology and the link costs. Thus, in most 
network topologies not all next-hops can be protected with LFA, leaving the network 
vulnerable to certain failure scenarios. 

In this paper, network optimization techniques are presented in an attempt to manipulate 
the topology and link costs to improve the level of protection attainable with LFA. In 
particular, we propose two methods that promise significant improvement in LFA 
coverage: the LFA graph extension problem is concerned with augmenting a network 
with as few links as possible to maximize the number of LFA-protected failure cases; the 
LFA cost optimization problem asks for setting link costs for achieving the same 
objective. For each problem, we analyze the computational complexity, we propose 
approximate algorithms, and we provide extensive numerical experiments demonstrating 
the viability of our approach. 

 
Model formulation 

Throughout this paper, a network topology is modeled as a simple, undirected, weighted 

graph G(V, E) with V being the set of nodes and E the set of edges. Let n = |V| and        m 

= |E|, and denote an edge as (i, j), where i and j are nodes from V. Link costs are 
represented by a cost function . The cost of a link (i, j) is denoted with c(i, j). To 
measure LFA failure coverage in a network G over the cost function c, we use the simple 
metric adopted from [5]: 

 
 

One easily sees that if and only if each node has an LFA towards each other 
node, and in general varies between 0 and 1 depending on the actual network 
topology and link costs. We tightened this general characterization in [6]. This 
observation has two important implications. First, there is no network with exactly zero 
LFA coverage, but as n grows the proportion of LFA-protected failure cases to all failure 
cases can approach zero arbitrarily close. Second, the formulated theorem implies that it 
is the even ring topology that has the smallest LFA coverage out of all 2-connected 
graphs with the same number of nodes. This is not surprising in light of the fact that rings 
have been shown to be detrimental to other IPFRR mechanisms as well earlier [7], [8]. 
For complete proof, see [6]. 
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Numerical results and performance analysis 

LFA Graph Extension 

In this section, we show how to increase the level of LFA protection by cleverly adding 
new links to the network. Motivation for increasing the LFA coverage this way is the 
recognition that in many cases augmenting the topology with new links, however costly, 
is still preferred over changing the link costs. This is because very often an operator pays 
special attention to properly engineer the link costs according to his or her own specific 
operational objectives, like minimizing delay, balancing load to eliminate congestion, 
etc., and optimizing link costs just for LFA would interfere with these operational goals. 
In these cases, installing new links or leasing additional capacity is an effective way to 
improve LFA coverage. In order to guarantee that the cautiously engineered shortest paths 
remain intact, we set the cost of the added links sufficiently high. Obviously, we want to 
install the minimum number of auxiliary links to minimize expenditures and eventually 
attain full LFA coverage. This problem is called the LFA graph extension problem, and it 
is formally defined as follows: 

Definition 1: Given a simple, undirected, weighted graph G(V, E) and an integer k, is 
there a set with and properly chosen cost function c, so that  

 and the shortest paths in G(V, E) coincide with those 
in ? 

Theorem 1: The LFA graph extension problem is NP-complete. 

For a complete proof, see [6]. To solve it, an optimal Integral Linear Program (ILP) is 
proposed in [6] and meta-heuristics were also formulated, namely LovászJohnsonChvatal 
(LJC) algorithm from [9], and the SBT, RSBT and MSBT algorithms from [10]. We 
conducted extensive numerical evaluations with the heuristics on several real-world 
service provider topologies. A part of the results are presented in Table 1 with the 
following notations: n represents the number of nodes and m the number of links in the 
network; η(G, c) is the initial LFA coverage; the column ILP shows the optimal solution 
for the LFA graph extension obtained by the ILP in [25] (i.e., the minimum number of 
new links needed to attain full LFA coverage), and the LJC, SBT, RSBT and MSBT 
columns give the number of links as produced by the respective approximation method, 
the last column represents LFA coverage reached by cost optimization heuristics denoted 
by  η(G, c*). We found that among the heuristics the MSBT algorithm offers the fewest 
links in general, with LJC as close second. In most cases, the approximation misses the 
optimum with only a few links. 

LFA Cost Optimization 

In some networks, adding new physical links to the topology is very difficult or costly, 
therefore, LFA graph extension cannot be applied for improving failure case coverage. In 
such cases, it may be worth reconfiguring the link costs, even if this may alter the shortest 
paths that have been engineered to match the operational goals of the operator previously, 
because the gain in availability can easily compensate for the loss in forwarding 
efficiency. The LFA cost optimization problem asks for a link cost setting that maximizes 
the LFA coverage, given inherent limitations of the network topology under 
consideration. It is formulated as follows: 

BME 2012 | Proceedings of PhD Workshops

112



Definition 2: Given a graph G, is there a cost function c so that η(G, c)=1? 

Theorem 2: The LFA cost optimization problem is NP-complete. 

For complete proof, see [11]. Surprisingly, we found that even the task of assigning LFAs 
to just a single destination is already NP-complete. This suggests that this problem is 
very difficult to solve. And indeed, the ILP we gave in [11] is only applicable in very 
small networks (up to approx. less than 10 nodes), and thus for larger networks, we need 
to resort to heuristics (simulated annealing-based).  We conducted thorough numerical 
studies in order to assess the extent to which LFA coverage can be improved by 
optimizing link costs. The numerical evaluations were run on the same networks as 
presented in the previous section. The last column of Table 1 shows the results how 
heuristics achieved in some networks. 

Name n m η(G,c) ILP LJC SBT RSBT MSBT η(G, c*) 

AS1221 7 9 0.809 2 2 2 2 2 0.833 

AS1239 30 69 0.873 6 6 7 11 6 0.957 

Abilene 12 15 0.56 7 8 9 14 8 0.701 

Italy 33 56 0.784 17 22 28 39 19 0.919 

Germany 17 25 0.695 9 12 12 13 11 0.889 

Deltacom 113 161 0.577 80 100 94 131 91 0.662 

Geant 37 55 0.69 21 23 21 25 21 0.74 

InternetMCI 19 33 0.904 5 6 5 5 5  0.932 

Table 1: Exact and approximate solutions for the LFA graph extension and cost optimization problem in real topologies. 

The most important observation is that in many real network topologies close to perfect 
LFA coverage can be achieved with cost optimization. Nevertheless, there were some 
exceptional topologies where LFA cost optimization was less appealing.  Our results 
indicate that LFA cost optimization greatly helps the operator to provide higher 
availability in the network, even when adding new connectivity to the topology is not 
feasible. 

Conclusions 

In this paper, we proposed several network optimization algorithms for improving the 
level of fast IP-level resilience using Loop-Free Alternates, the only IPFRR technique 
available in commercial routers out-of-the-box today. First, we described the LFA graph 
extension problem, which asks for establishing new links to increase LFA coverage 
without altering the shortest paths in the network. Second, we presented an LFA cost 
optimization problem which, instead of adding new links, rather calls for modifying link 
costs to instantiate new LFAs. We believe optimization strategies presented in this paper 
provide a rich set of options for operators to choose from, according to their own 
preference on whether it is economically more feasible to add new links, change costs, or 
do both, to improve LFA-protection in their network 
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1. A brief description of the Doctoral School of Electrical Engineering 
 

The doctoral school was established in 2000 to pursue research and development in the 
field of Electrical Engineering. The school integrates the research activities of ten 
departments in the Faculty of Electrical Engineering and Informatics, Budapest 
University of Technology and Economics. The main directions of the scientific activities 
in the school include embedded systems, electronics, electronic technology and devices, 
measurement, identification and control, infocommunication systems, electrical machines 
and drives, power engineering. Since 2002 more than 134 applicants have successfully 
defended their PhD theses and have been awarded with the degree. The school requires 
from applicants and supervisors proper scientific research with publications in peer 
reviewed journals and other professional forums. 

 

2. Research and development projects supported by TÁMOP-4.2.2/B-
10/1-2010-0009 
 
The main objective of research supported by the TAMOP project is to investigate 
problems requiring substantial computing power. The project in the field of electrical 
engineering include the following R&D subprojects: (i) Embedded systems; (ii) 
Electromagnetic nondestructive testing; (iii) Analysis of large scale electromagnetic 
problems; (iv) Modeling, pattern recognition and control; (v) Intelligent robot control; 
(vi) Metallurgical and simulation research of metal microstructure formations; (vii) Smart 
grid analysis with intelligent methods.   

 

2.1 Embedded systems demanding significant computing power 

There are several aspect of that field, which are investigated in this project. Model 
transformations are frequently used means for automating software development in 
various domains, including embedded systems, to improve quality and reduce production 
costs. Debugging of model transformations often necessitates identifying parts of the 
transformation program and the transformed models which have causal dependence on a 
selected statement. In traditional programming environments, program slicing techniques 
are widely used to calculate control and data dependencies between the statements of the 
program. The key point is to introduce program slicing for model transformations where 
the main challenge is to simultaneously assess data and control dependencies over the 
transformation program and the underlying models of the transformation. 
In bioinformatics related research enormous amount of biological and clinical data should 
be analyzed. New statistical methods and efficient algorithms are required. The new 
solutions needed should utilize existing biological knowledge sources, which means that 
different formats, standards and contents are to be dealt with. Basically MCMC (Markov 
Chain Monte Carlo) methods have been applied in parallel computing environment. The 
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methods implemented and tested until now were applied in various biomedical fields, 
such as the genetic background of asthma, allergy etc. 
 
2.2 Electromagnetic nondestructive testing 

Research in this field requires developing various testing methods. Two different 
methods have been implemented supported by the project for the simulation of 
electromagnetic field perturbation due to the defect-probe interaction of nondestructive 
testing. These methods are particularly suitable for the parallelization in the CUDA 
environment, because of  their low memory consumption and atomized nature. One of 
them is the element-by-element finite element method (EbE-FEM), while the other is the 
method of moments (MoM). The implemented algorithms are currently under testing. 
Two papers have been submitted in this topic, and one of them has already been appeared 
in the IEEE transactions on Magnetics. 
 
2.3 Analysis of large scale electromagnetic problems 

Electromagnetic compatibility is an emerging problem during the design of electronic 
devices. Standard test procedures are defined in national and international standards to 
ensure the interoperability of such devices. The tests are performed in special rooms, i.e. 
anechoic chambers, that have absorber material on the walls to provide low reflection 
coefficient. However, full-wave analysis of anechoic chambers is challenging, because 
(1) the absorber structure covering the walls of the chambers is complex, therefore, 
requires a dense mesh; (2) the chamber is electrically large at high frequencies, resulting  
a fine mesh in the analysis domain. The aim of this R&D project is to find a method that 
can be used for the analysis of such electrically large problems: (i) to build the equivalent 
model of the spatially periodic absorber structure; and (ii) analyze the full chamber using 
the equivalent model on the walls. 
 
International literature and standards specify several methods for assessing the level of 
lightning protection required for certain structures and also provide several methods for 
assessing the safety provided by certain arrestor arrangements. Two such methods are the 
rolling sphere and the attractive volume methods. Recent developments in the area permit 
us to use direct methods for the simulation of lightning events and thus the computation 
of the lightning paths, which enable us to objectively assess the level of protection 
provided by an arrangement of arrestors. Such computations enable both the effective 
design of lightning protection for structures that have unusual characteristics – both if 
their geometries are unique and if they require a very high level of protection. Also, 
computer simulation is valuable in validating the effectiveness of arrestor systems that 
were designed using conventional methods. Such computations require the simulation of 
many lightning events, each of which – in order to produce meaningful results – must 
handle large geometries. Both of these aspects make this problem a candidate for 
acceleration by supercomputing clusters and/or GPGPU computations. 
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2.4 Modeling, pattern recognition and control 
 
The goal of parametric system identification is to provide estimates for parameters of 
certain model structures based on given measurement data. This problem can always be 
presented as an optimization problem with an appropriate choice of cost and constraint 
functions. Apart from the simplest cases the resulting optimization problems are 
nonconvex with multiple local minima. Due to the existence of these cicumstances, there 
are usually no guaranties that the model resulting from a given identification method is a 
global minimizer. The research aims at the application of semidefiite programming (SDP) 
relaxation techniques to the optimization problem arising in time domain identification. 
From the solution of the defined sequence of SDPs a sequence of system models can be 
extracted that converges to the globally optimal system model. In the project the SDP 
technique for polynomial optimization problems (POP) will be investigated to solve  
identification problems.  
 
Although computerized verification of scanned, handwritten signatures has been 
extensively studied in the past three decades, the results in the field are still 
unsatisfactory. Because the lack of a widely accepted formalism, advancements achieved 
by different researchers are hard to combine and even to compare.  To address these 
problems a simplified formal model for off-line signature verification is proposed, where 
each of the verification steps can be mathematically modeled. Feature extraction aims at 
setting up a proper feature space and sample signatures are to be analyzed to predict the 
achievable precision of a signature verification system based on the cardinality and the 
quality of input samples.  

 
Developing the control of modern power converters is a very expensive and time-
consuming task. Time to Market can take unacceptable long. FPGA-based real-time 
simulation of a power stage with analog measured signals can reduce significantly the 
cost and time of testing a product. This new approach is known as HIL (Hardware-In-the-
Loop) testing. A general power converter consists of two main parts: a power level (main 
circuit) and a digital controller unit, which is usually realized by using some kind of DSP. 
Testing the controller HW and SW is quite problematic: live tests with a completely 
assembled converter can be dangerous and expensive. A low-power model of the main 
circuit can be built under laboratory conditions, but it will have parameters (e. g. time 
constants and relative losses) differing from the ones of the original system. The solution 
is the HIL simulation of the main circuit. With this method the simulator can be 
completely transparent for the controller unit, unlike other computer based simulation 
methods. The goal of the research in this field is to develop such a real-time simulator 
using FPGA. The modeled circuit is a three-phase inverter, which is widely used in 
power converters of renewable energy sources. 
 
2.5 Intelligent robot control    

Research goals in this field include developing efficient algorithms supporting various 
applications of mobile robots. The algorithms refer to the following areas: 

• Object recognition based on machine vision 
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• Navigation algorithms in known and unknown environment 
• Algorithms to create maps 
• Simultaneous navigation and map construction. 

Mobile robots – in general – are moving under the assumption of either known or 
(partially) unknown environment conditions. Within the frame of the ongoing research 
efficiency of robot navigation is to be improved by using the DWA (Dynamic Window 
Approach) methodology accompanied by the control policy called Receding Horizon 
Control. The main goal is to elaborate methods not requiring the repeated evaluation of 
the navigation function.  

Machine vision systems for mobile robotics demand high computational capacity. We not 
only deal with intensity images but depth maps also which increases computational costs. 
We utilize both images simultaneously to improve landmark detection and redetection 
rates to create precise 3D maps for robot localization and navigation algorithms in 
unknown environments. Although these algorithms must be optimized for energy 
efficient field applications, during research and development phase of the methods, a less 
optimized version is implemented to generate more data thus aiding evaluation and 
refinement processes. For the optimization step parallelization of machine vision 
problems is being evaluated. 

 
2.6 Metallurgical and simulation research of metal microstructure formations 

Due to the RoHS (Restriction of Hazardous Substances) directive of the European Union, 
novel manufacturing trends in the electronics industry point towards the lead-free 
soldering technology. This field applies a lot of different surface coatings and differing 
process parameters compared to the common leaded soldering technology. This results in 
a lot of new (or previously solved) reliability issues evoking more and more research 
topics. In this project we focus to the following fields: intermetallic layer formation 
during common convection reflow process and vapour phase soldering; and the 
phenomenon of electrochemical migration. The aim of this R&D project is: (i) to develop 
simulation models of the vapor phase soldering and the electrochemical migration, to 
implement and verify them with experimental results; (ii) and to investigate the role of 
the intermetallic layer formation in different reliability issues such as whisker formation 
or electrochemical migration. 
 
2.7 Smart grid analysis with intelligent methods 

The traditionally hierarchical structure of electric networks are being gradually 
transformed, the main drivers of this change include: 

− Large-scale integration of renewable energy sources 
− The generation of a significant part of these small plants are volatile and often 

stochastic 
− Info-communication and measurement technology are becoming cheaper, 

allowing for an increasing level of instrumentation and consumer interactivity 
− Increasing security of supply requirements 
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− The continued development of electricity markets and regional market coupling 
efforts. 

The evolving intelligent network (Smart Grid) raises a number of questions regarding its 
expected future operation. The goal of the project includes research and testing of new 
system management principles and algorithms, and making recommendations to prevent 
breakdowns and system recovery at various levels of system control hierarchy. Further 
scope of the research covers investigations of the forthcoming Europe-wide 
interconnection of organized electricity markets and its effects on efficient utilization of 
network components, system security and overall economic operation. 
 
3. PhD papers 

Paper 1: Péter Tamás Benkő: Modeling and Analysis of an Anechoic Chamber 

Paper 2: Sándor Kolumbán: Identification Aspects of SDP Based Polynomial 
Optimization Relaxations 

Paper 3: Attila Géczy: Investigating the process zone of a Vapour Phase Soldering oven 

Paper 4: Sándor Szabó: Numerical Field Calculations in Lightning Protection. 

 
4. Talent developing activities 

The R&D subprojects offered a number of ways to directly serve the talent developing 
activities pursued by the participating departments. Students had and continuously have 
access to the software developing environments producing the verification background 
for the results published so far in TÁMOP-4.2.2/B-10/1-2010-0009. Participation in the 
project work allowed students to outline their plans to formulate their scientific career 
and research goals as future PhD students. Special opportunities have opened for students 
working on the field of Intelligent Systems and Robotics. They could join the groups 
participating at the yearly organized RobonAUT competition and also contribute to the 
EuroRobot activities.   
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Analysis of Large Scale Electromagnetic Problems 

Peter Tamas Benko, Jozsef Pavo 

 

 

Abstract: In this paper we present the modelling and analysis of an anechoic room in the frequency 

range of 30–300 MHz. Full-wave analysis of such problems is challenging, because an electrically large 

volume of investigation (typically a few hundreds of cubic wavelengths) has to be studied in deep details 

(the walls of the chambers are usually covered by a geometrically complex absorbing structure). 

The method is based on the segmentation of the large scale problem into two sub-problems: first, the 

absorber structure is analyzed, and an equivalent model is determined, which is used in the second sub-

problem, during the simulation of the full anechoic chamber. The goal of the segmentation is to divide the 

original problem into two sub-problems that can be solved without using extreme computational resources. 

The model can be used to investigate the performance of anechoic chambers which is essential during 

electromagnetic compatibility tests of different electronic devices. Understanding the real test 

configurations is also useful during test design processes, especially in case of standardization projects. 

 

Introduction 
Electromagnetic compatibility is an emerging problem during the design of electronic 

devices. Test procedures are defined in national and international standards to ensure the 

interoperability of such devices. The tests are performed in special rooms, i.e. anechoic 

chambers that have absorber material on the walls to provide low reflection coefficient. 

However, full-wave analysis of anechoic chambers is challenging, because (1) the 

absorber structure covering the walls of the chamber is complex, therefore, requires a 

dense mesh; and (2) the chamber is electrically large at high frequencies, resulting  a fine 

mesh in the analysis domain. Our goal is set up a model that is capable to take into 

consideration all the details of the absorbing structure and the full volume of the anechoic 

chamber without requiring huge computational resources. 

To achieve the above goals, the problem is divided into two sub-problems: 

1. The unit cell of the periodic absorber structure is analyzed, and the equivalent 

surface impedance is determined. 

2. The calculated equivalent surface impedance is mapped on the planar walls of the 

anechoic chamber as homogeneous boundary condition, and the room is analyzed. 

Both sub-problems are solved using the finite element method. 

 

Modelling the absorber 
Microwave absorbers applied on the walls of anechoic chambers are usually multi-layer, 

ferrite based structures that have low reflection coefficient in a wide frequency range to 

minimize the effect of the walls on the overall electromagnetic field distribution inside 

the room. 

The most popular arrangement consists of conical shaped items installed on ferrite or 

metallic layer. In this paper, we introduce a new absorbing structure formed by graphite 

BME 2012 | Proceedings of PhD Workshops

121



painted paper grid built on a ferrite layer that is backed by a metallic surface. The 

bandwidth of the system is increased by forming more grid layers (‘dense’ and ‘loose’), 

as shown in Figure 1. 

 

Fig. 1. Multi-layer absorber structure 

 

The method described in this paper can be used for arbitrary periodic structures, 

including traditional conical systems too. 

The electromagnetic field distribution in the unit cell is calculated using the finite 

element method, assuming an incident plane wave propagating normally to the metallic 

surface. The side walls of the unit cell are modelled as perfect electric and perfect 

magnetic conductors to prescribe normal wave incidence, while the metallic base layer of 

the absorber structure is also approximated by perfect electric conductor. The graphite 

paint is modelled with its surface impedance (Figure 2.). 

 

Fig. 2. Model of the unit cell of the absorber structure 

 

The impedance on the plane of incidence can be calculated at any frequency point from 

the incident and reflected electric fields. Using transmission line approximation, the 

equivalent surface impedance on the base plane of the absorber structure (on the metallic 

surface) is determined. Calculations typically required 100...200 MB RAM. 

Even though the calculation can be performed at any frequency points it worth to 

determine the approximate function of the equivalent surface impedance. The 

approximate function has particular impedance in case of ferrite-based structures, 

because the real part of the magnetic permeability of ferrites can be zero (or in other 

words: the magnetic loss tangent can be singular), resulting numerically unstable 

behaviour at a given frequency. 
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Careful sampling of the equivalent surface impedance, taking into consideration of the 

material behaviour and the applied numerical simulation method, and approximation of 

the data points will result the analytical formula of the function. 

During our calculations, Fourier-series are used for approximation. Since Fourier-series 

are applicable in case of periodic functions only, the calculated impedance points are 

extended periodically: the input data points are mirrored to the upper limit of the 

frequency domain of investigation. Mirroring helps eliminating Gibbs-oscillations that 

would otherwise appear due to the discontinuous behaviour of regularly extended 

functions (Figure 3.).   

 

Fig. 3. Determination of the approximate function of the equivalent surface 

impedance by the periodic extension of calculated impedance points 

 

It is important to mention that many other function approximation techniques could also 

be used. 

Another feature of the method is that the approximation error can be decreased by 

increasing the number of frequency points (increasing the number of finite element 

analyses). 

 

Analysis of the chamber 
Finite element analysis of the anechoic chamber is performed using homogeneous 

boundary conditions on the walls of the room: the above calculated function of the 

equivalent surface impedance is prescribed on the outer surface of the volume of 

investigation. 

Since the equivalent surface impedance is applied on the planar walls, the geometrical 

complexity of the problem is reduced significantly. Therefore, the required computational 

resources are within a tolerable range. In our calculations, analysis of an 8×6×5 m 

chamber required slightly less than 8 GB RAM. Note that without using the equivalent 

model, the memory requirement would be approximately 100 GB. 

Besides applying homogeneous boundary conditions on the whole surface of the 

chamber, it is also possible to investigate the effect of mixed absorber systems or semi-

covered rooms. 

Standards usually define a certain ‘quiet volume’ inside the room, where the 

electromagnetic field distribution is similar to free-space distribution using a given 

transmitting antenna. To simulate these standard configurations, a dense mesh has to be 
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generated near the transmitting antenna and the ‘quiet volume’ to get reliable numerical 

results (Figure 4.). 

 

Fig. 4. Dense mesh is required near the transmitting antenna and 

the ‘quiet volume’ to get reliable numerical field data 

 

Conclusions 
Modelling and analysis of an electrically large anechoic room used for electromagnetic 

compatibility tests was presented. 

The method described is based on the segmentation of the problem into two sub-

problems: (1) analysis of the absorber structure and determination of the equivalent 

model; and (2) analysis of the full chamber using the equivalent model of the absorber. 

Finite element models were set up, and numerical stability was studied. Computational 

memory requirement was significantly reduced. 

The results may help understanding and improving standard test methods. 
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Abstract: Every identification problem where we seek values of some parameters can be regarded as 

an optimization problem. In the case of linear time invariant systems identification this is a polynomial 

optimization problem (POP), meaning that the objective function as well as the constraints are given in 

terms of polynomials of the decision variables. It has been shown that the global solution to this type of 

problems can be approximated or even obtained by solving a sequence of semidefinite programs (SDP) 

with increasing size. The size of these SDPs is combinatorially increasing as we go along the sequence of 

SDPs. As the size grows so does the computational complexity of the obtaining the solutions to these SDPs. 

This motivated research to find ways to slow down the growth in size as much as possible. If the 

polynomials involved in the formulation of the POP have some specific properties then the increase in 

dimension along the sequence of SDPs can be reduced.  

The aim of this paper is to examine the polynomial optimization problems rising in system identification in 

order to see how the sequence of SDPs related to identification behave. The SDP based solution of POPs is 

briefly introduced and the POP of the identification problems is presented in detail. The correlative sparsity 

graph of the POP is determined and it is shown that the graph is chordal. Based on these observations we 

formulate a sequence of SDPs which grows slower than the general solution. We also evaluate the 

performance of the method regarding its computational complexity and its ability to approximate the global 

solution of the optimization problem. 

Introduction: We concentrate on identification of generalized Box-Jenkins models [1] 

which are given by the difference equation 

 ( ) [ ]  
 ( )

 ( )
 [ ]  

 ( )

 ( )
 [ ] (1)   

where  ,  ,  ,   and F are polynomials in     and   is the forward shift operator. The 

polynomials  ,  ,   and F are monic. By rearranging (1) we get to the difference 

equation 

 ( ) ( ) ( ) [ ]     ( ) ( ) [ ]     ( ) ( ) [ ] (2)   

We will represent the polynomials with their coefficient vectors, for example the 

polynomial  ( )         
        

   will be represented as     [        ]. 
As a slight abuse of notation whenever we write    we will think of the coefficient 

vector of the polynomial  ( ) ( ). The degree of the polynomials  ( ),  ( ),  ( ), 

 ( ) and  ( ) is denoted with   ,   ,    ,    and    respectively. The notation     

      will refer to the degree of the product  ( ) ( ). Using these notations the 

identification problem is given with the objective function to be minimized (3) and 

feasibility domain defined by the constraints (4) 

   
 

 
∑   [ ]

 

   
 (3)   
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(4)   

  denotes the number of samples, while  [   ] and  [   ] are column vectors built from 

the measurements  [ ],  [ ] as  [   ]    [ [ ] [   ]   [ ]]
 
. 

SDP relaxations for POPs: This section summarizes the principles of SDP 

relaxations for polynomial optimization problems which are given by 

   (  ( ))   ∑      
                        

    
 (5)   

where the feasibility domain   is defined as 

          ( )                   (6)   

Lasserre showed that the global optimum of these problems can be approximated by a 

sequence of SDPs with growing dimensions [2]. 

The starting point of Lasserre’s paper is that we do not conduct our search for the optimal 

point in the space of the decision variables but instead, we search for a probability 

measure concentrated on that point. In terms of probability measures the optimization 

problem (5) can be written as follows 

   (  ( ))     ∫  ( ) (  )  ∑     ∫   (  ) 
    

 (7)   

If we use decision variables    ∫   (  ) then objective function becomes linear in 

these variables. What needs to be done is that the new optimization variables should 

correspond to a moment sequence of some probability measure   and that measure 

should be concentrated on  . These constraints can be expressed in terms of linear matrix 

inequalities with the moment matrix  ( ) and localizing matrices  (  ) which are 

defined as 

 (  )(   )  ∑         
    

                  (8)   

and  ( )   (  ), with    . 

For any degree   where the moment and localizing matrices are built only using moments 

  where ∑   
 
      the SDP that approximates the global solution of (5) can be given as 

    {     
  

  ( )   

       (  )
(   )   

    

           (9)   

In certain cases when the polynomials in the problem definition (5) and domain definition 

(6) have certain properties the matrices involved in    are sparse. If this sparsity can be 

used to decrease the size of the SDPs then higher order problems can be solved. The 

specific requirements needed to be fulfilled by the polynomials can be found in [3] where 

the authors show how can the linear matrix inequalities in (9) be replaced with a number 
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of smaller ones. The key to this decomposition is that the set         can be covered by 

the union ⋃   
 
    such that each constraint function   ( ) is only concerned with 

variables indexed by one of these sets and this holds for the monomials of the objective 

function as well. Also, this cover should be found in a way that it has the so called 

running intersection property 

                     (    
   )     (10)   

The correlative sparsity graph defined in [3] can be described as follows. The nodes of 

the graph correspond to the variables in the original polynomial optimization problem. 

Two nodes are connected in the graph if they appear with nonzero exponent in at least 

one monomial of the objective function   ( ) together or they appear together in one of 

the constraint functions   ( )    . The index sets    in the running intersection 

property can be calculated as the maximal cliques of the chordal extensions of the CSP 

graph. 

Structure of the identification POP: The polynomial optimization problem is 

given with the objective function (3) and constraints (4). Using the notations of the 

previous sections   ( )    ( ),      ( )    ( ) and    ( )     ( ) where    . 

The variables of the problem are the unknown elements of the vectors          , 

denoted by  ̃ and the elements of the unknown noise vector  [   ]. 

 

Fig 1. The structure of the correlative sparsity graph corresponding to the identification POP 

The correlative sparsity (CSP) graph of the identification problem is given in Fig 1. We 

proved that this CSP graph is chordal. Since the maximal cliques are needed to form the 

reduced SRPs we also determined all maximal cliques of the graph. There are        

maximal cliques in the graph and these are 

   { [ ]    [     ]}   ̃   ̃   ̃   ̃   ̃    

                     
(11)   

Structure without error variables: In the previous section we investigated the 

structure of the POP when the variables of the optimization were the model coefficients 

and the noise samples. This resulted in approximately   cliques in the CSP graph with 

nodes approximately twice as many as model parameters. In this section we follow a 

direct approach, we do not introduce auxiliary variables for the noise values but instead 
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we express them directly. The ideal predictor for the considered model structure is given 

by (12) [1]. 

 [ ]  
 ( ) ( )

 ( )
 [ ]  

 ( ) ( )

 ( ) ( )
 [ ] (12)   

This can be considered as two-input single-output model plus some shift terms. Rewriting 

(12) in a way to get nominators with smaller degree than the denominators we get to 

following form 

 [ ]  (   
      

 
) [ ]  (   

       

  
) [ ] (13)   

With the noise expressed as in (13), the objective function (3) can be calculated 

explicitly. This can be done by writing an observable canonical state space form of the 

two subsystems (      )   and (       )   . With the state matrices being  , 

 ,   and  , the noise vector is written as 

               [

   
  
 

  

        

]            

[
 
 
 
 
 [ ]
 [ ]
 

 [ ]
 [ ]]

 
 
 
 

 (14)   

It can be shown that with this formulation, although the number of unknown parameters 

is not growing with the sample count, the degree of the objective function is growing 

linearly. Linear increase in the degree results in combinatorial growth in the sizes of the 

SDP sequence. This shows that for any relaxation order  , the introduction of auxiliary 

variables for the noise values makes a significant difference in computational complexity. 

Conclusions: We investigated the implications of the SDP based relaxation methods 

given by Lasserre [2] for solving POPs from system identification point of view. The 

structure of the identification POP was examined in detail. The method was tested on a 

small scale identification problem, this illustrated that fast convergence in   occurs for 

POPs rising from identification. However, the computational complexity of solving the 

reduced relaxations of    even for small values of   is out of reach with the currently 

available computational power for problems with high degree of complexity or large 

sample count. 
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oven 
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Abstract: Vapour Phase Soldering (VPS) is a significant, but not mainstream method for reflow 

soldering. It is an alternative technology, which was invented by Pfahl and Ammann in the 70’s [1]. The 

technology is based on heat transfer principles, which are different from the conventional reflow 

technologies.  

The process control and the physical background of heat transfer (driven by condensation) raise new 

challenges to the field of the technology and its applications. New approaches are needed for the 

characterization and investigations of the processing zone inside the vapour chamber. The optimization of 

proper soldering profiles and the quality control of the solder joints also bring up the need for novel 

solutions. VPS is still not a common application, and the absence of thorough discussion in the literature 

demands further explanation of the process itself. 

The paper presents the experiments of the VPS technology with the discussion of an experimental, batch-

type VPS oven developed at BME, Department of Electronics Technology. The flexibility of our VPS oven 

allows new methods for the profiling of the process chamber (such as 1D, 2D and 3D temperature 

measurements with sensor grids; vapour pressure measurements with fine resolution, differential-type 

pressure sensors) and for the temperature profiling of the immersed soldering sample boards. With 

controlled sample immersion, custom profiles can be achieved to optimize the heat transfer required by the 

different lead-free solder alloys. The experimental oven enables special applications (such as the use of low 

boiling temperature heat transfer Galden liquids for special low melting point solder pastes (SnBi) and 

soldering experiments on novel PCB substrates). The flexible process zone inspection enables validation of 

multi-physics simulations, which are important from the aspect of the oven development and the reflow 

process as well. Preliminary results of the process zone simulation are also discussed. 

 

Introduction: VPS was invented by Pfahl and Ammann in the 70’s [1]. The 

technology was later banned due to the use of harmful chemicals [2-3]. After the 

invention of new Perfluoropolyether fluid (PFPE) products, the technology came back 

into focus. Galden PFPE-s enabled an optimal solution for lead-free VPS processes, and 

also an economic, non-toxic (inert) solution for reflow soldering. During the process of 

VPS the heat transfer fluid is heated in the bottom of a tank. (Figure 1.) This fluid is the 

source of the vapour generation. A cooling appliance at the top of the tank condenses any 

exceeding vapour, so the blanket of the vapour (the actual heat transfer medium) stays 

inside the processing zone. The ambient temperature (or preheated) soldering sample 

board is immersed into the vapour, which then condenses on the cooler surface. The 

latent heat of condensation and the condensed hot fluid layer on the board provide the 

heat to melt the alloy. Finally, the board is moved from the processing zone to a cooling 

zone. 
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Fig. 1: Schematic of a typical VPS oven Fig. 2: Parts of the batch type, experimental 

VPS station 

The experimental VPS system (Figure 2) has a stainless steel tank. The fluid is heated at 

the bottom by an immersion heater; the heating power is adjustable. Power is measured 

with a digital multimeter setup. The cooling is achieved with a copper pipe setup at the 

top with additional pump circulating ambient temperature water (~25°C) inside the pipe.  

 

Measurements and results of the process zone investigation: 

For the measurements inside the tank, different sensor types are used. For a general 

solution of data logging, the data acquisition is based on an universal two-channel USB 

data logger device. One device can handle only two channels, i.e. two Pt500 sensors. Five 

USB devices are batched with a hub to have ten channels. The data acquisition software 

is able to handle multiple devices on the serial ports. The card and its software are 

prepared for measurements with Pt100, and other different thermocouple type sensors, 

and it also works as a 11-15 bit A/D converter. Data is converted automatically by its 

software for the appropriate unit systems. For 1D temperature measurements ten Pt500 

platinum resistors (R = 500 Ω at 0 °C) are mounted on a metal bar to measure the 

temperatures at different Z heights at a fix XY point. The distance between each sensor is 

15 mm. The lower sensor is in the fluid (-30 level), the next one (-15) is slightly above 

the surface of the fluid, then (0) is on the sample immersion level (height of an optional 

basket inside the tank), the other sensors are covering the processing zone above.  

Figure 3 and 4 shows a heating up process inside the tank, where the power is set on 

550 W, and in the second case (Figure 4) a ~0.5 kg aluminium slab (heat capacitor) is 

positioned inside the tank. The measurements clearly show, that by the application of a 

significant heat capacitor, the initialization of the tank to a steady state may take a 

significantly longer time (+2 min). This effect should be taken into account when 

designing a process zone for a VPS oven, also the measurements can give an overall 

mapping of the temperature around the Z axis of the processing zone.  
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Fig. 3: Temperature measurements with no heat 

capacitors 

Fig. 4: Temperature measurements with applied 

aluminium heat capacitors 

With the minimization of additional thermal capacitances, a 2D grid (Fig. 5) of K-Type 

thermocouples was constructed and positioned inside the tank. By measuring the 

temperatures at given heights with the same heating parameters, a database of 

temperatures can be acquired for the process zone. With interpolation of the data the 

whole 3D temperature map can be obtained and visualised (e.g. by the isotherms as seen 

on Fig. 6.) for a given initial parameter setup of the heating up process.  

  

Fig. 5: 2D grid of K-type thermocouples Fig. 6: 3D temperature distribution in the tank 

Our aim was also to investigate pressure relations inside the soldering space. It is an 

important point to correlate the efficiency of heat transfer with the pressure or the change 

of Galden vapour density inside the tank. For pressure sensing, Sensirion SDP1108 type 

differential pressure sensors were applied with a particularly fine (0.05 Pa) resolution in 

the 0…100 Pa range. The ports of the sensors are lead into the given height of the 

processing zone with heat resistant silicone hoses. The reference ports are left at ambient 

atmospheric pressure. 

The results of the differential pressure measurement at different heights (Z:50,100,150) at 

a fixed XY point is shown on Figure 7, where the measurement results are compared with 

1 dimensional simulation results of the correlating vapour concentration difference along 

the Z axis. (The method of our multi-physics simulation is described thoroughly in [4].) 

The comparison is based on the general gas law where the change in the concentration 
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gradient in the given volume will have to be followed by the pressure gradient change 

with the same characteristic. 

  

Fig. 7: 2D grid of K-type thermocouples Fig. 8: 3D temperature distribution in the tank 

The measured and simulated characteristics conformed appropriately. Also the simulation 

gave a good prediction of the thermal distribution (Figure 8) in 1 dimension along the Z 

axis. The same heating parameters (550 W) were applied for the simulation and the 

measurement cases. The temperature measurement was carried out with the 

aforementioned ladder-method for proper Z-axis mapping. 

 

Conclusions:  

Novel methods were implemented for different temperature and pressure measurements 

inside an experimental VPS oven processing zone. Effective 1D, 2D and 3D mapping of 

the temperature during heating up period was achieved with the methods. They enable the 

optimal process zone setup in the future for optimized and controlled heat transfer for the 

solder alloy. Novel approach of vapour density difference/pressure investigation was also 

presented, which also helps the identification of vapour propagation and the formation of 

the vapour blanket inside the processing zone. Preliminary multi-physics simulation 

results were also presented. Simulation may help to identify the process zone faster for a 

given setup. Results along the Z axis were evaluated with temperature measurements too. 

Future work will involve more extensive simulation with 2D and 3D plots. 
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Numerical Field Calculations in Lightning Protection 

Sandor Szabo 

Abstract 
International literature and standards specify several methods for assessing the level of lightning 

protection required for certain structures and also provide several methods for assessing the safety 

provided by certain arrestor arrangements. Two such methods are the rolling sphere and the 

attractive volume methods. Recent developments in the area permit us to use direct methods for 

the simulation of lightning events and thus the computation of the lightning paths, which enable 

us to objectively assess the level of protection provided by an arrangement of arrestors. Such 

computations enable both the effective design of lightning protection for structures that have 

unusual characteristics – both if their geometries are unique and if they require a very high level 

of protection. Also, computer simulation is valuable in validating the effectiveness of arrestor 

systems that were designed using conventional methods. Such computations require the 

simulation of many lightning events, each of which – in order to produce meaningful results – 

must handle large geometries. Both of these aspects make this problem a candidate for 

acceleration by supercomputing clusters and/or GPGPU computations. Another method – the 

attractive volume method also shows promise in acceleration on a computing cluster. The article 

briefly discusses these methods and demonstrates the parallel nature of the calculations involved. 
 

Introduction 

Protection from the primary effects of lightning is important in every structure that was 

ever erected. Owing to the observations and theories of Benjamin Franklin, the first 

protection systems were constructed and used in the 18
th
 century. Since then our 

understanding of the phenomena causing lightning and the effects of it have grown and 

matured into concrete rules and standards for creating air termination systems. However 

in the case of more exotic structures, the problem remains elusive and there is a degree of 

uncertainty in predicting the performance of termination. High antenna towers, radar 

stations located on mountain tops all pose a significant challenge to engineers, along with 

structures like historical monuments and buildings used for the storage of dangerous 

materials, where a possible lightning strike may cause massive damage. 

The parameter of choice when optimizing a lightning protection system (which may 

besides an air termination system include the secondary effects of lightning, and dynamic 

lightning protections, such as preventive lightning) is the total yearly risk assumed: 

 

 

 

where R is total yearly risk, P the probability of a lightning strike, and C the expected (or 

average) cost of a lightning strike. The cost of an event is often very hard to quantify, 

because it must include the cost or injuries or loss of life along with the loss of historical 

artifacts, or – in the case of radar equipment – additional risk caused to other operations 

caused by an outage. Though stipulating its importance, the determination of the cost C 

will not be addressed in this article, we shall instead focus on the other determining 

quantity, estimating the probability of a lightning strike. 
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Methods for the Design of Air Terminations 

There are several methods that are currently in use for designing air termination systems. 

A very brief review of some of these is presented in this section. 

One of the simplest methods is design by using a protected volume concept: that is to 

assume that grounded earth conductors, grounded arrestors and poles together define a 

volume into which lightning shall not pass. We are of course aware of the probabilistic 

nature of lightning effects and therefore do not assume that such a volume exists in the 

absolute sense, we merely state that with the appropriate choice of parameters in 

computing the protected volume, the probability of a strike is small. 

One of the methods for determining the suitability of a termination if the rolling sphere 

method [1], in which an imaginary sphere of a given radius is rolled over the structure, 

supported by the ground, earthed protective conductors and arrestors. The volume into 

which the sphere cannot intrude is considered to be protected. With an appropriate choice 

of the radius good protections can be designed, however this is a conservative [2] design 

approach i. e. depending on the relative cost of design and construction may not be cost-

effective. 

Another method for the computation of lightning probabilities embraces the probabilistic 

nature of lightning strikes and is based on the concept of attractive volumes that attach to 

structures. The attractive volume is such, that when the orientation point of the lightning 

is inside this volume then it has a greater chance of hitting the object in question, than it 

has of hitting anything else. The probability modulated attractive space (PMAS) means 

that to every point in space we assign the probability that the lightning strike having its 

orientation point in the given place, will strike the object. [3] As an illustration the 

attractive volume of a tower with a single arrestor rod on top is given in Figure 1. 

 

Calculations Using the PMAS Method 

It may be readily appreciated that for large and asymmetrical structures, the precise 

evaluation of the PMAS is time-consuming. Considering that negative and positive 

strikes, and strikes of different current have different characteristics and thus different 

PMAS distributions, the computational power required may be large. It must be 

appreciated that to generate the final statistic, the probability of a strike, may not be 

enough, because the designer in optimizing the arrestor arrangement may need feedback 

of where adequate coverage is absent.  
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Figure 1. The attractive volume for a tower with a single arrestor rod at the top. 

 

The author proposes that the problem of computing these PMAS volumes is a task readily 

suited for cluster computers, where the quick turn-around time for the computed results 

may lead to interactive design of protection systems, enabling many uses of this more 

precise method over less numerically intensive but conservative methods.  

 

Open Source Lightning Model 

The Open Source Lightning Model [4] is a direct numerical simulation of lightning 

phenomena that models the path of the up- and downward streamer and their attachment. 

This allows the model to – through a huge number of simulation runs – verify the 

effectiveness of protection systems. 

 

Figure 2. Flow chart of an OSLM simulation. 

 

As it can be seen in Figure 1., the simulation involves several numerically intensive steps. 

Fortunately these can be successfully accelerated, in some cases by pre-factorizing linear 

equation matrices (such as in step 2), and sometimes through newer computing features, 

such as SIMD instructions available on modern CPUs and the proliferation of general 

purpose graphics processing units (GPGPU acceleration.) 

In order to generate results that are suitable for statistical evaluation, the simulation 

currently has to run for several days on desktop hardware, therefore acceleration using a 

supercomputer is very appealing. 
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Figure 3. Simulation results for the Ostankino Tower. 

 

Figure 3 shows the results of the simulations [4] regarding the Ostankino Tower. 

Lightning strikes were initiated at different distances from the tower (0, 100m, 200m, 

etc.) and the ratio of strikes to the ground and different parts of the building were 

measured. Such a result, together with the regions lightning frequency, may be used to 

compute the effectiveness of the termination. 

 

Conclusions 

Several modern methods of assessing the effectiveness of air terminations are reviewed 

and in particular two of these show great promise if enough computing power can be 

summoned for them to be interactively useful to the designers. This may enable the 

creation of safer and more cost effective terminations, while providing objective 

evaluation of any system designed using other methods.  
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A. Short description of the Faculty sub-projects 

1. The Faculty and its Doctoral Schools 

The transportation of the materials and goods generates about one third part of price 

(primary cost) of the products and it plays determining strategic role in economy. The 

transport together the vehicle engineering, vehicle production and logistics define the 

level of country economy. Therefore, the development strategies of the countries list the 

"Transport - Vehicles - Logistics -TVL" to key elements. 
The Faculty of Transportation Engineering and Vehicle Engineering (FTEVE), BME, is a 60 years old 

leader Easter – Central European education and research center in field of TVL. It has BSc., MSc. and PhD. 

programs in all fields of transport (road, city, rail, water, air), vehicle (railway, automobile, ship, aircraft) 

and logistics (including the building and material handling machines, logistics machines and supports, etc.).  

The faculty has more than 130 staff members and about 1400 students. There are 10 different Departments 

and many laboratories. The info-communication system and software bank is very large containing all the 

important type of software required for investigation, evaluation, design and development of the 

transportation systems, vehicles and logistical systems. 

The Faculty had defined its research goals following to major European technological platforms (ETRAC, 

ERRAC, WATERBORNE, ACARE, EIRAC) – as development, establishing, operation and control and 

managing of such vehicle – transport – logistics complex system that is user friendly, effective (operating 

with minimum total life cycle cost), safe, secure, having minimum impact on environment, sustainable, 

integrated (interoperable, and intermodal) and may support the on-demand free motion of peoples and 

goods. 

The Faculty has two Doctoral Schools, that are excellent in model development, model 

identification, simulation, automation and control, as well as combining the economical, 

and environmental factors with engineering solutions and developing original solutions. 

Gábor Baross Doctoral School on Transportation Engineering (GB-DS) supports the 

doctoral research dealing with scientific investigation, development, establishing, 

operation, measuring, evaluation, managing, economy and control of the transport and 

logistics systems. 

The Kálmán Kandó Doctoral School on Mechanical Engineering Sciences (Vehicle 

and Mobile Machines) (KK-DS) is a basis for doctoral research in field of developing, 

design, production, operation, control of the all kind of vehicles (automobiles, railway 

vehicles, ships, aircraft), mobile vehicles (logistic, building, material handling machines) 

and their systems, element, etc. as well as the integration of the vehicles into the transport 

and logistics systems. 

Both Doctoral Schools take part in TAMOP project by two – two sub-projects. 

 

2. Sub-projects of the Faculty Doctoral Schools 

2.1.  Control of the vehicles and transportation systems (GB-DS) 

The goal of the sub-project is developing new control and simulation methods and 

technologies for effective, safe and greener control of the vehicles, group of vehicles, 

platoons, transportation and logistics systems. The major themes are the followings: 

• control-goal modeling and its application in vehicle dynamics, 

• control of platoon systems, 

• improving the accuracy of the GPS- based vehicle monitoring system, 
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• modeling of the large non-linear transportation systems and their optimal control. 

The accelerated increasing in computer capacities, the use of distributed wireless sensor 

and communication technology, applying the space-origin sensors (like GPS), developing 

new more effective control methods, increasing the role of system integration, changes in 

system management based on the situation analysis – simulation based decision support – 

decision – realization of the decisions, etc. make possible not only improving the existing 

vehicle and transport system control and management, but developing radically new 

methods and technologies.   

For reaching the goals the efficiency has to be redefined, the role of modeling and 

simulation must be reevaluated, and the new control and simulation principles must be 

developed for handling the newly defined problems as simulation of the large 

transportation systems, or control of group of vehicles, platoon systems).  

2.2. Improving the efficiency of the transportation system and its service quality, 

(GB-DS) 

The goal of this sub-project is developing new models, methods, technologies for 

improving the efficiency of transportation and logistics systems, reducing their impact on 

the environment and increasing the service quality. 

The research in this project focuses on 

• evaluation and development of the complex technical – economical methods for 

improving the efficiency in forwarding,  

• using the integrated telemetric systems in passenger transport, 

• developing new railway cargo transport harmonized with EU directives 

• improving the service quality of the local mass transport systems.   

Rapid development in parallel computing, MEMS based sensor and nano technology, 

embedded systems, system integration, monitoring systems, etc. and increasing the 

strategic role of transportation system in modern, global economy require discovery the 

new approaches in evaluation of the efficiency of the transportation systems, using new 

elements and methods in control and management, developing new operational concepts 

and methods including the intermodality, sustainability, and strong application of the 

system integration principles. 

2.3. Mechanical investigations on the (rail) vehicles (KK-DS) 

Developing, testing and using such new application – oriented testing, monitoring and 

diagnostic systems, that increasing the efficiency, safety and reducing the environmental 

impacts of the (railway) vehicles. The sub-projects deals with three major fields: 

• stress analysis: investigation of dynamics, diagnostics and structural reliability, 

• damage process analysis: running stability and friction damage analysis, 

investigation of mechanical and thermodynamic processes, investigation of the 

vehicle element fatigue damage processes, their simulation and technical life 

prediction,  

• energetic analysis: optimal control for reducing the vehicle energy consumption. 

Within the sub-project two major research fields are in focus: 

• modeling and simulation of the friction effects in vehicle and their system 

elements (taking into account the physical chemical properties of the applied 
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materials, influence of the operational modes and intensity on the friction 

damages, etc.), 

• load management including the mechanical and thermodynamic loads, their 

effects on the technical life of elements, especially on bogie frame and running 

gears, reliability analysis, management of the condition degradation processes, 

etc.  

During the period of the existing TAMOP project, the time is available for developing the 

models and possible simulation methods and technologies, as well as developing the load 

management philosophy, with using multi physical approaches, non-linear and stochastic 

models, and methods of statistical dynamics.  

2.4. Fluid mechanics and thermodynamics of the vehicles and engines. 

The goal of this sub-project is developing methods and technologies allowing the 

investigation and optimization of external and internal fluid mechanical and 

thermodynamic processes of vehicles for improving the vehicle efficiency, safety 

greening and operational quality level.  

 The planned research and developments are object-oriented, therefore the following 

problems are defined for further investigation: 

• fluid mechanical problems: fluid mechanical investigation of the aircraft and their 

engines and control of flow by use of MEMS technology, 

• thermodynamic investigation: study on energetic problems of aircraft, theoretical 

(numerical) and practical (infra red camera) investigation of heat distribution 

around the engines in airframe, 

• multi physical investigation: such numerical investigation that may reduced the 

energy losses, aerodynamic interference drag and infra red radiation of the aircraft 

elements and may allow to use morphing technology. 

Due to developing the micro sensing and MEMS technology, use of multi physical 

numerical methods, application of virtual technology, implementing new modeling and 

simulation methods, deployment of the on-line optimization and control,  utilizing the 

system integration, indicate the study of the following fields and problems: 

• developing the new modeling and simulation methods for investigation of the 

flow and heat transfer processes realizing in elements of aircraft and engines, 

• developing radically new methods and technologies like use of methods of 

subjective analysis, flow and heat transfer control by using the MEMS 

technology, flow and heat management, 

• investigation of the critical regimes, possible use and control of critical regimes, 
risk analysis, departure to critical regimes and recovery, etc.  

  

3. Expected results and their significances 

The four sub-projects deal with quit different fields of sciences, using different methods 

and technologies, therefore the expected results will be quit different, too. However, there 

are several general similarity can be predicted: 

• new models, simulation methods and technology and controls will be developed 

for more accurate, and more effective design, control and management of the 
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vehicles, group of vehicles (as formation flight or platoons), transportation and 

logistic systems, 

• increasing the accuracy of the inputs for monitoring, diagnostic, control 

development, management, etc., 

• using the sensors located in space, and using the micro sensors, 

• developing and defining new criteria for evaluation development, operation and 

control of the integrated complex intermodal transportation systems, 

• development of the telemetric and info-communication systems for the vehicles, 

transportation and logistics systems,  

• developing new cargo and forwarding systems,  

• developing, design and establishing new system integration, monitoring and 

diagnostic systems, new operational concepts, new operating systems, new sub-

systems, as health monitoring, self-repairing, etc., 

• load and life management including the on-line traffic complexity evaluation and 

monitoring the human physical and mental load, evaluation of the overloading, 

on-line human - operator load management, 

• definition, investigation and control of critical regimes,  

• improving efficiency, safety, greening, and security of the investigated systems.  

 

The significances of the expected results can be characterized by following aspects: 

• initiating a step change in national vehicle engineering, vehicle production and 

operation, 

• increasing the affordability, efficiency of the transportation and logistics system, 

• supporting the development and improving the national transportation and 

logistics strategy, its harmonization with the global (European) system, 

• contribution to national defense system developments, 

• considerable development of the tacit (practical) knowledge of the PhD students 

and young scientists, 

• involving the PhD students and young scientist into the international (bilaterally, 

cross-border, EU supported, etc.) projects, 

• improving the quality of working out the international projects, 

• publication of the results, increasing the publication activities of the PhD students 

and young scientists,   

• organizing team meetings, 

• organizing special workshops for supported students, 

• visiting the high level research centers, 

• involving the supported PhD students into the national and international projects, 

• publication of supported PhD students together their supervisors, 

• involving the PhD students and young scientist into the knowledge and 

technology transfer, dissemination and deployment of the results, etc., 
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4. The results 

During the first year of the project, 12 teacher - supervisor, 3 teachers working on their 

PhD and 11 students were involved into the projects. They have published 2 chapters in 

books, 6 papers and 16 conference articles. 
 

B. Selected paper from the workshop program 

The paper had been selected with use of multi - criteria system including the quality, high 

level of solution, interest of public, level of relation to the given TAMOP project, etc. 

All the works reported in the chosen papers had been developed fully or in major part in 

the framework of the project „Talent care and cultivation in the scientific workshops of 

BME" project. This project is supported by the grant TÁMOP - 4.2.2.B-10/1--2010-0009  
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Efficiency Analysis of Road Haulage Companies 

Rita Markovits-Somogyi 

 

 

 

Abstract 

Road haulage companies are enterprises which create multiple outputs from multiple inputs, thus their 

efficiency can adequately be analysed with data envelopment analysis (DEA), a non-parametric linear 

programming method. However, until now there have been very few applications in this area. The 

present study is the first practical DEA adaptation to the Hungarian road freight sector and based on 

this, the paper shows which input-output structure is the most reasonable to be utilized in this field.  

Introduction 

Data envelopment analysis is an ex-post efficiency analysis method that can help 

determine which decision making units (DMUs) are the most efficient in converting 

their inputs into outputs. Thus it is also capable of evaluating road freight transport 

companies which are typically DMUs with multiple inputs and outputs. Its main 

advantage that it does not require any a priori information about the inner relations or 

operations within the DMU, i.e. the production function describing road freight 

transport does not have to be determined. Hence, DEA can evaluate road haulage 

companies by using readily available, objective data about the inputs and outputs 

without introducing any parametric functions. Nonetheless, the inputs and outputs 

representing the sector have to be selected with great care as this influences the 

authenticity of the results (Markovits-Somogyi, 2011a).  

1. Background of data envelopment analysis 

The CCR DEA model can be described as follows (Cooper et al. 2004): let us assume 

that there are n DMUs to be evaluated. Each DMU consumes m different inputs and 

produces s different outputs. Thus, e.g. DMUj consumes xij of input i, and produces yrj 

of output r. We also assume that: xij ≥ 0, yrj ≥ 0, and for each DMU, there is at least 

one positive input and one positive output.  

From these, the ratio of outputs to inputs is used to measure relative efficiency 

DMUj=DMU0, DMU to be evaluated relative to the ratio of all j=1, 2,..., n DMUjs. 

Thus, the function to be maximised is: 
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where: ur, vi are weights; yr0, xi0 are the observed input/output values of DMU0 (DMU 

to be evaluated). We introduce the following constraints so as to give a limit to the 

values: 

 

,          for j = 1, 2,..., n,    and      ur, vi ≥ 0.                          (2) 

 

Using the Charnes–Cooper transformation, this leads us to the following equivalent 

linear programming problem:  
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where: (u, v) change to (µ, υ) as a result of the Charnes–Cooper transformation. The 

equivalent dual LP problem of (3) is:  

      θθ min=•
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This formula is also called the ‘Farrel model’ as it was created by Farrel. However, he 

did not apply the dual theorem of linear programming (by virtue of which z*= θ
•
, and 

either problem can be solved) and hence was not able to make the connection between 

the models introduced above.  

Formulae (4) is also called the ‘strong disposal’ or ‘weak efficiency’ model as it 

ignores non-zero slacks. Should we want to take them also into account, we have to 

use the following modified model that is also called the envelopment model: 
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where: ε is a non-Archimedean element defined to be smaller than any positive real 

number. The dual linear program of this model, also known as the multiplier model, 

is: 
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Using these formulae, a DMU0 is efficient if and only if θ*
 
= 1 and si

-*
=sr

+*
= 0 for all 

i, r, and it is weakly efficient if θ*
 
= 1 and si

-*
≠ 0 and/or sr

+*
≠ 0 for some i and r in 

some alternate optima (Cooper et al. 2004.). Formulae (5) and (6) represent the input-

oriented DEA CCR models (envelopment and multiplier form). The output oriented 

model is also very similar, and makes difference in the values to be 

maximized/minimized. 

The DEA BCC (Banker et al. 1984) model incorporates an additional constraint: 

     
∑
=
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j

j
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1λ
    (7) 

which enables to take into account non-constant returns to scale.  

2.  Developing the proper input/output structure 

The most essential part of creating a model in DEA is always the question of inputs 

and outputs. Such factors have to be selected which represent the operation of the 

given type of enterprise well and are at the same time available to the researcher. As 

based on the nature of activities performed, theoretically the following basic factors 

could be included as inputs or outputs in an efficiency investigation of the companies 

in question: 

Inputs 

1. Data regarding equipment: 

o The number of trailer trucks. 

o The number of lorries 

o The number of other vehicles. 

2. The number of employees or the total costs of labour (the latter available as 

accounting data). 

3. Costs of operation (available as accounting data). 

4. Geographical area of operation. 

5. Data regarding sustainability (e.g. relating to the composition of the vehicle 

fleet). 

Outputs 

6. Transport performance (or total distance performed by the trucks). Ideally this 

would be available in tonne-kilometres or in a similar value but in practice 

usually it can only be obtained as an average of kilometres performed by the 

individual vehicles. 

7. Net income (available as accounting data). 

8. Data regarding quality of operations (timeliness, percent of payload arriving 

safely). 
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So as to be able to carry out the efficiency analysis in practice, road haulage firms 

have been contacted with a questionnaire survey. The contact data of 49 road haulage 

companies have been gathered with the help of MKFE (Association of Hungarian 

Road Hauliers). Taking into consideration their field of operation, 40 have been 

contacted with the questionnaire via email. This method yielded 3 results only, so in a 

second round a phone survey was carried out. This, together with the previous results 

yielded a database of 14 road haulage companies all active in international freight 

transport.  

With view on the theoretical input-output structure outlined above and in order to 

facilitate the process of input-output selection, the questionnaire was aimed to collect 

information on the following: 

• Is the company active in international freight transport? Only those replying 

affirmative were kept in the sample. 

• Does the company have any other profile above road freight transport, which 

contributes to its revenues? The DMUs giving a confirmatory answer were 

excluded from the sample. 

• The number of different vehicles utilized. 

• The geographic area where the company is active. 

• The total kilometres run by the vehicles of the company. 

• Sustainability oriented questions to be utilized in further research. 

• Financial data of the companies were collected from the web based database of 

the Hungarian Government. 

Using the data available, different DEA models have been tested, as shown in Table 1.  

Table 1. The structure of the different DEA models 

 DEA models: No.1. No.2. No.3. No.4. No.5. 

Cumulated number of vehicles1 x x x  x 

Cost of labour2 (thousand HUF, 2010) x x  x x 

Costs of operation (thousand HUF, 2010) x x  x x 
Inputs 

Total costs (cost of labour + costs of operation)   x   

Total distance performed (km, 2010) x x x   

Net income (thousand HUF, 2010) x x x x x 
Output

s 
Total distance / cumulated number of vehicles    x  

(source: own research) 

As based on theoretical considerations, Model No.1 incorporates each of the most 

important factors to be included in a basic DEA investigation. Model No.2. is very 

similar but here 2 DMUs that could be considered outliers have been excluded from 

the sample. However, effort was taken to reduce the number of inputs and outputs, 

since there is a strict thumb rule in DEA literature which specifies that the number of 

DMUs should be three times greater than the number of the inputs plus outputs; and 

the number of DMUs should be equal or larger than the product of the number of 

inputs and outputs (Bazargan and Vasigh, 2003). Thus in model No.3. costs of labour 

and costs of operation have been integrated as one input. Spearman correlation 

analysis has shown a correlation of 0.841 between model No.1. and No.3. which is 

                                                 
1
 A value that takes into account the number of trucks and other vehicles utilized by the firm, the sum 

of trailer trucks and lorries. 

2
 An estimate of the labour force (the number of employees not available in case of all DMUs). 
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sufficient by the given number of DMUs. Model No.4. tries to reduce the number of 

inputs and outputs by integrating the input “cumulated number of vehicles” and the 

output “total distance” by creating their ratio and using the resulting indicator as an 

output. Nevertheless, since this is a simple efficiency index in itself, it is doubtful 

whether it is appropriate to include it in the structure. Model No.5. merely excludes 

the output “total distance” and as such, it can be considered a limited investigation in 

itself. 

 

3. Numerical results and discussion 

The results from the different DEA models are shown in Table 2. DEA assigns the 

value of 1 to the efficient companies, while the less efficient are rated less. Looking at 

the numbers themselves, it is worth to be noted that the values vary in a very narrow 

range in all the models. First, this indicates that the data represent well the operation 

of the companies with the given profile, and second, this also shows that there is a 

high competition in the field and those who would have lower efficiency values would 

not be able to survive. Indeed, this is true for the road haulage market.  

When deciding the most reasonable input-output structure to be used in further 

investigations, it has to be kept in mind how they have been created. Then it can be 

seen that model No.1. (and No. 

2) has the most adequate 

structure and in spite of the 

strict thumb rule referred to 

above, this is the one that 

should be utilized in subsequent 

research. This is the 

examination with the most 

detailed data structure and 

differences between the inputs 

and outputs are not hidden. 

Even though the correlation 

between No.1. and No.3. is 

sufficiently high, this cannot be 

said of model No.3. Further, 

regarding the rule of thumb, 

several articles in the literature 

argue that that the number of 

DMUs should only be 

minimally two times as much as 

the sum of the number of inputs 

and outputs (e.g. Chung and Hwang, 2005,or Wu and Goh, 2010). Moreover, Dyson 

et al. say that the number of units needs to be double of the product of the number of 

inputs and outputs (Dyson et al., 2001). Model 1. fulfils both of these requirements, 

thus the utilization of model No.1. can be recommended and it is to be used in further 

research. Nevertheless, under certain circumstances, the application of model No.3. 

may also be justified. 

 

 

Table 2. Results from the different DEA models 
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4. Conclusions  

The paper has investigated the possibilities of performing traditional data 

envelopment analysis of road haulage companies. The aim of research at this stage 

was to determine the input-output structure that is the most adequate for the efficiency 

analysis of road haulage firms. As based on research carried out, it can be stated that 

the following factors shall be included as inputs and outputs in the DEA investigation 

of road freight transport firms: 

Inputs 

     1.-  Cumulated number of vehicles,      2.- Cost of labour,     3.- Cost of operation 

Outputs 

     1.- Total distance performed by the trucks,     2.-Net income 

As based on the results of the investigation, further research is to be carried out with 

the modified DEA/AHP methodology created by Fülöp and Markovits-Somogyi 

(Fülöp and Markovits-Somogyi, 2012), which is capable of fully ranking the decision 

making units. The aim of subsequent research is to apply the DEA/AHP methodology 

to the input-output structure determined in the present study. 
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Improving the level of public transport service by 

means of priority treatments  

 Miklós Kózel 
 
 

Abstract 

Until recently several studies have been published about public transport prioritization examining 
effects of single treatments, procedures or strategies. In order to have multiplied gains it is expedient to 
apply these treatments combined. The purpose of this paper – besides predicting the expected results - 
is to find and set up effective and reasonable priority treatment combinations and try to indicate 
combined procedures which worth detailed examination through the running time as a comparative 
parameter. 

1. Introduction 

The increasing number of private ridership and the rising mobility demands caused by 
economic development result daily congestions concentrated in urban areas. Due to 
the common infrastructure used by cars and public transport vehicles simultaneously 
these processes have harmful effects on public transport. The slower public transport 
service caused by the so-called vicious circle effect induce negative changes on the 
mode choice. (Kozel, 2009) 

Public transportation is an effective transport mode in several aspects (energy 
consumption, land-use, etc.) thus it is necessary to intervene the mentioned progress 
and improve public transport service. With the use of priority treatments travel time 
savings (increased speed, avoided traffic jam), improved reliability (diminished 
delays) and increased percent of transit mode share can be achieved. 

Nowadays two problems occur in accordance with the priority treatments. The first is 
that prioritization focuses only at single nodes or part of the entire network, only local 
gains can be realized and the achieved savings can be lost at the rest of the network. 
The other problem is the stand-alone use of the priority treatments which is not as 
effective as it could be combined. 

Owing to this combination of priority treatments is necessary to increase the positive 
effects of each treatment on running time and on the speed of public transport 
vehicles. The running time is going to be defined as a dependent of the means- (Ex), 
the place (Hx) of priority treatments and the state (volume) of traffic flow (Fx). The 
comparison of these priority treatment combinations based on the current running 
time (value, deviation). The aim is to be able to demonstrate and evaluate the 
efficiency of the combined prioritization and to be able to choose combined 
procedures which worth detailed examination. 
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2.  Treatments for public transport prioritization 

There are a lot of existing priority treatments and strategies which can be categorized 
by different principles. According to the following categorization (Kozel, 2009) 

• route treatments (separated systems) namely segregation of public transport 
vehicles and road traffic (like public transport (bus) lanes, common lanes (with 
rail), bus-only streets and busways, 

• node treatments like traffic management systems which do not requires 
construction (like strategies, modification of signal timing by green extension 
etc.), 

• traffic management centers and, 
• other elements (elements for separation) can be distinguished. 

At present all of the available treatments (those which are already exists and those 
which are under progress) can be categorized into these groups. Owing to the high 
implementation costs of separated systems it is not expected that newer solutions 
come up therefore dynamization of static elements could be a future way of 
development.  

Median reversible bus lane is a kind of system. In this manner the existence of the bus 
lane or the entitlement of use changes in time. At places where the morning and 
afternoon volume of traffic has significant differences in each direction bus lane is 
usually unused (not reasonable) in the morning to the direction of the suburbs (Fig. 1.) 
which state switches in the afternoon. An all-day reversible bus lane could handle this 
problem. Above all it has lower implementation costs, it could be built up in narrow 
places thus less space is needed to be devoted for public transport. Due to all these a 
system like this could smooth stresses between road traffic and public transport. (It is 
more safety then conventional reversible lanes because only the bus drivers have to 
pay attention.) 

Nevertheless the most significant development can be expected on the field of 
prioritization strategies at nodes. There is a current research (Polgar, Tettamanti, Dr. 
Varga, 2011) where the basis of control is the maximalization of passage passengers 
through intersection instead a control based on the number of detected vehicles which 
is less effective in several aspects. In my opinion this strategy could be extended with 
the examination of public transport time-table namely the punctuality of public 
transport vehicles.  

This strategy could realize a control based on minimizing time 
consumption/passenger (which is moreover usually the basis of feasibility studies). 
The spread and availability of intelligent transport (positioning and information) 
system elements also allows the implementation of the above mentioned strategy. 
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Figure 1.  Reversible bus lane 

3.  Setting up priority treatment combinations for evaluation of 

efficiency 

The aim of this chapter is to set up priority treatment combinations which worth for 
detailed examination. Running time is going to be defined as a dependent of the 
means of priority treatments (Ex), the place (Hx) of priority treatments and the state 
(volume) of traffic flow (Fx). It is easy to see that the number of combinations are 
high and not necessary to examine all of them like separated busway with free traffic 
flow. The point is to be able to demonstrate and evaluate the efficiency of the 
combined prioritization and be able to select the most appropriate  process (treatment) 
for the given traffic situation. 

The input variables can be seen in Fig. 2.  in accordance with chapter 2. The segment 
of day does not appear among the variables as the state of flow implies this parameter. 
The use of separated busways (E3) which theoretically allows independent running of 
traffic interferences is necessary due to the examination of conflicts at intersections. 
Right before node segregation (Hcs) has a specified length referring to length for lanes 
change or for length of permanent congestions. Critical point (Hk) is a segment of the 
route where usually public transport vehicles congested. 

The setup of examination pairs (1-4) is done to be able to demonstrate the effect of a 
treatment or traffic condition. The comparison based on the current running time 
(tcur1,2) with its value and deviation (how much is the running time reduced).  

The advantages and specialties for each single pair are determined and it is also 
defined that which kind of intervention’s evaluation they are capable of. Examination 
of stand-alone treatments (e.g. comparison of each strategies) was not a purpose. 

The examination pairs are the followings:  
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Examination environment of bus lane necessity: 

 

  

 (1) 
• Bus lane is the most commonly used priority treatment; 
• Efficiency of a curb bus lane (E1sz) needed to be examined because of curbside 

interferences (e.g. right-turning traffic); 
• The more longer implementation (75%) is needed to be able to demonstrate 

the effects on traffic conditions (total length of implementation is not requisite 
due to the unnecessity of a bus lane at the beginning or at the end of a route 
regularly); 

• Free- and saturated traffic flow (Fsz ,Ft) should be the basis of comparison. 
 

Input variables  Description  

E1sz Curb bus lane  
Bus lane  

E1k Median bus lane  

Common lanes  E2 
Common lane with rail transit  

Busways  E3 
Separated busways  

E4b 
By simple vehicle call (detection) 

E4k 
Prior for delayed vehicle  

E4usz 
Maximizing the number of passage passengers  

M
ea
n
s 
o
f 
p
ri
o
ri
ty
 t
re
a
tm
en
ts
  

Traffic prioritization 
strategies (at nodes)  

E4uo 
Minimizing time consumption/passenger  

Right before nodes  Hcs 
Segregation right before nodes (specified 
length)  

Hv25 
Implemented on 25% of the route  

Hv50 
Implemented on 50% of the route  

Hv75 
Implemented on 75% of the route  Along the route  

Hv100 
Implemented on 100% of the route  

P
la
ce
 o
f 
p
ri
o
ri
ty
 t
re
a
tm
en
ts
 

At critical points  Hk 
Segregation only at critical points  

Fsz 
Free traffic flow  

Fr 
Low density  

Fk 
High density  

T
ra
ff
ic
 c
o
n
d
it
io
n
  

State (volume) of traffic 
flow  

Ft 
Saturated traffic flow  

Figure 2.  Input variables 

Examination environment of a bus lane only at critical point: 
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  (2) 
• Critical points mean segments right before nodes or at frequently congested 

sections  (compared with Hv75 which includes the congested sections); 
• The implementation costs motivate the examination focusing only at critical 

segments of the route;  
• Another is that bus lanes only at critical point can have harmful effects too if 

the road traffic is held back so much that the separated section is not reachable 
by bus; 

• Application of the most common state of traffic flow (Fk) is reasonable 

Examination environment of ‘extended’ bus lane: 

 

  

 (3) 
• Examination of bus lane supported by prioritization strategies at nodes is also 

necessary. The examination shows how can be the achieved savings (owing to 
a bus lane) kept and how much are the public transport vehicles (also trams 
etc.) held back at the intersection; 

• The basis of comparison is the bus lane supported by signal timing control by 
bus call (E4b) as the most common strategy (other strategies like E4uo can also 
be used) ; 

• Hcs is the basis of comparison to evaluate passage through the intersection 
specially (rest of the route is irrelevant in this manner. 

All these examinations (1-3) should also be executed to median bus lanes (E1k). 

Separated systems (like busways) are avoided from any traffic interferences thus 
examination with different states of flow is not necessary although examination of 
conflicts at intersections is reasonable. 

Examination environment of conflicts with general traffic at intersections: 

 

  

 (4) 

• Hv100 allows to examine specially the effect of conflicts at 
intersections; 

• Saturated traffic flow (Ft) is needed to be able to modeling those who 
cannot leave the intersection on time (and one of the strategies at 
nodes). 
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4.  Further opportunities, expected results 

There are two possible ways to examine dependence of input parameters. In one hand 
application of traffic simulation programs is an option which include more runs in 
accordance the stochastic nature of traffic. Simulation can implemented on existing or 
virtual network. In this case mapping of input variables namely priority treatments 
(route and node elements), relations (transfers) between separated and general traffic 
(turning movements and illegal use) for the model has to be as exact as it could be. 
(Peter, Basset, 2009) On the other hand use of mathematical methods for travel time 
prediction (based on historical data) can be applied and compared with simulation 
results. (Bin Yu, William H.K. Lam, Mei Lam Tam, 2011) 

Above all definition of exact value of traffic volume and density in accordance to 
traffic condition categories is also necessary to be able take into consideration the 
road traffic more specially. Finding critical points of the route (Hk) and defining 
length of node segregation (Hcs) based on operator experiences or on typical length of 
congestions are also significant parts of the examinations. Last but not least all the 
necessary parameters strategies at nodes like vehicle occupation and time-table dates 
have to be available. 

The expected results are the followings: 
• It is expected that efficiency and necessity of prioritization highly depends on 

traffic flow density (e.g. high number of turning movements) (1). 
• It is probable that prioritization besides free traffic flow has insignificant effect 

on running thus all-time availability of e.g. a bus lane is not reasonable 
(dynamization in time is necessary). 

• Examination of bus lane supported by prioritization strategies is essential due 
to the possible loss of achieved travel time savings at nodes without support by 
signal timing strategies. The efficiency highly depends on the prioritization 
strategies (3). 

• Since the implementation of a bus lane only at critical point can also have 
harmful effects on running time (if the separated section is not reachable) an 
examination should be done (2). 

• Naturally further non-expected correlations can also come up. 

5.  Conclusions 

This paper based on the idea that stand-alone use of priority treatments do not take 
full advantage of prioritization thus combined use of treatments is reasonable. The 
aim was - besides to introduce two new prioritization treatments namely reversible 
bus lane and a strategy minimizing time consumption/passenger -  to set up combined 
procedures which worth detailed examination to be capable of demonstrating and 
evaluating the efficiency of the combined prioritization through the running time. In 
the light of results potential is provided to be able to select the most appropriate 
process (treatment) for the given traffic situation. 
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The analysis of Reversible Lanes Systems on large 

road traffic network 

Bede, Zsuzsanna - Péter, Tamás 

Abstract: 

Reversible Lane System (RLS) is an existing, non-widely used solution to optimise the traffic control. 
Several studies prove that where this method is applied, the travel and waiting time and the number of 
stops are decreased by approximately 40% compared to previous configuration. The model of RLS was 
created based on a simple part of a road network, which is segmented into elements. In case of a lane 
direction changing the contacts between each element remain the same, while the functions of the 
network elements are swapped. Therefore the structure of the network model has to dynamically 
change, which requires a new kind of optimal control. On the other hand the traffic density is 
continuously changing, which increases the complexity of the model. This article presents the 
mathematical model of the solution. The paper, also examines speed and acceleration processes, 
describing the motion of unique vehicles crossing the large network. The real traffic has taken into 
consideration by obtaining the driving cycle from our macroscopic network model. We grant the traffic 
changes in the entire network with this model. The unique motion process derived from the model is 
compared to the real - measured - speed and acceleration processes. The model had been validated by 
getting unique speed and acceleration processes. Based on the acceleration values calculated by the 
model, the condition set of the model was redefined. Comparing the modeled and measured values, it is 
clear that there are only some momentary differences. But even these small differences should not be 
neglected rather they should be used in the model development, as described in this paper. 

Introduction 

The most favoured innovations with regards to vehicle transportation is to increase the 
effective use of new and existing road networks, to homogenize vehicle traffic, to 
increase the number of passengers in each single vehicle and an increase the use of 
public transportation. The increase of vehicle numbers has led to a higher volume of 
traffic which has increased congestion. 

The congestion avoidance receives major importance, and a number of opportunities 
offer solutions. The centralized nature of urban traffic characterizes the developing 
national economies that congestion takes shape in the morning towards the centre 
while in the afternoon roads leading out of the city get more congested. In the 
afternoon traffic is less busy, and more distributed because of different sizes of 
destination areas and different working hours. Typically with improving lifestyles, 
people move out of cities to commute daily from nearby towns. This process creates 
more commuters so traffic forms throughout larger destinations. 

Taking advantage of the given vehicular traffic size of the directions differing in a 
moment of time, it would beneficial to create interchangeable direction lanes that 
would take the current traffic flow into consideration, and provide optimum room for 
both directions. Reversible lanes must be designed based on environmental and social 
demands of a location. 
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1. Usages of Reversible Lane Systems 

Reversible Lanes Systems (RLS) were one primary method, pioneered in the 1920’s, 
to help handle peak period traffic flows. It was first tested by Ralph T. Dorsey in 
Downtown Los Angeles in 1928. Metal-based stanchions were initially used to 
delineate the temporary division between opposing traffic flows during the early 
period, and after 1950 the new traffic cones were deployed. The RLS has been used 
all over the Word whit specific lines in that it can increase the capacity of roads 
[(Fisher), (Wolshon, Lambert; 2006), (NDoT; 2006), (TTI; 2005)]. In Europe, RLS is 
known as Tidal Flows, this method has been applied a small number of times in some 
European countries. 

The RLS is most commonly used in the construction work zones and it is applied to 
emergency traffic management and large cultural or sport events. 

Peak hour traffic can be managed particularly effectively using RLS. The reversible 
lanes are commonly used on arterial roadways and freeways, rather than for local 
traffic. During Peak Period Management, typically, the direction of traffic in lanes is 
routinely converted during the morning and evening commute periods. 

2. The mathematical modelling of the solution 

2.1. The mathematical modelling 

In the model, as in reality, the geometry elements do not disappear naturally, but 
create a variable network as a result of their new function and their connection 
system. Our descriptive mathematical network model is a positive non-linear dynamic 
system, and also important that it is a macroscopic model. The function of every 
element and the contacts between the elements cease in case of direction change in 
any part of the network and then new contacts, new functional elements are activated 
[(Péter, et al.; 2011),(Bede, et al.; 2010)]. 

Our method defines a dynamic contact structure consisting of n part inner sections and 
m part external sections. Our network model is positioned in a location, which is 
delimited with a closed curve. In this case the vehicle densities in inner network are 
the state parameters of the system: 

x = [x1(t), x2(t), x3(t), … , xn(t)]
T
   (1) 

The vehicle densities in the exterior part network of network (which have a direct 
connection with some sections) are marked, which we measure [(Péter, Basset; 
2009),( Péter, Bokor; 2010),( Péter, Bokor; 2011)]. 

x’ = < L >
-1 

[K(x,s)x + Kinput(x,s)s].  (2) 
Where:  < L >

-1 diagonal matrix contains the reciprocal of inner section lengths. 
K(x,s) is a constructed matrix, which was constituted of Kinner(x,s) and Koutput(x,s) 
matrix. The elements of K(x,s) and Kinput(x,s) connection matrices are the connection 
functions, which depend on the density states. The physical meaning of the elements 
of the matrix is the passing speed. The system is a positive system. 

The vehicle densities in the external part of the 
network (which have a direct connection with some 
sections) are measured. The state parameters consist 
of the inner section lengths, the inner contact matrix 

 
Figure 1. Two traffic directions 

and the contact matrix 
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and output contact matrix. The elements of the matrices are the transition speeds. 

The RLS model can prove to be problematic in one regard. This is the repeated use of 
some of the section contacts. In the Fig. 1., there are two traffic directions on the left 
side, we are considering the contacts and sections that are marked in bold. The 
examined sections shown are marked on the contact matrix by a circle, in the case of 
1st direction and by a square, in the case of 2nd direction. 

We must establish that two kinds of contact forms exist: 

 constant geometry contact        and         contact depending on direction. 

First: the contact of i and j. In this case the geometry contact remains for all traffic 
directions, but what changes is the direction of the driving, in case of 1st direction: i 
works j , in case of 2nd direction: j works i. 

Second: in these cases the geometry contact depends on the traffic direction, in case of 
1st direction: j works l, in case of 2nd direction: j works k. 

Two things must be made clear: the contact between i and j and the direction of this 
driving. All such contacts remain invariant in the contact matrix, this is not affected 
by direction change! The contacts that are used for both travel directions (in this case 
i→j/j→i) can cause difficulty. You must ensure that the contact appears in the contact 
matrix as either a circle or a square – not both! You must close off the unwanted 
contact. In case of a constant geometry contact: The contact is reflected onto a main 
diagonal as a result of the direction change (i,j)↔(j,i). There is no reflection in case of 
the contact connected to only a single direction. This contact appears in only one 
direction. Ex. (i →k). 

3. Real traffic network 

We chose Üllői Road in Budapest for a real presentation 
of the system since this is one radial main road of the 
city. The larger quantity of vehicles moving towards the 
centre in the morning and moving outwards in the 
afternoon is typical of this section. The other reason for 
this designation was the geometric condition. 3 lanes are 
available in both directions on this section. (Fig. 2.) 
These are constricted to only 2-2 lanes on the overpass. 
If we take away one lane from either direction, at least 

one lane would still remain for the length of the full section. 

Our model was prepared from a map, so we gave the length of the sections 
proportionally, according to reality. Firstly, we modelled the current state and then we 
reversed the controlling of a lane from north to south in the morning hours (from 
Kálvin Square to Ecseri Street). We examined the arrival times in the course of two 
kinds of simulations. We make the below mentioned statement on the basis of the 
preliminary measurements: if in the morning peak time we help the inwards moving 
traffic with plus one lane, then the journey time decreases by 50% on average, if we 
take away one lane in the opposite direction, then the journey time of the outgoing 
vehicles increases at most by 30 %. 

 
Figure 2. The simulation of 
Üllői Street 
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4. Measurement and validate of model 

Usually it is hard to get unique vehicle 
data from large traffic network models. 
However, if the speed profiles 
belonging to different routes are 
available, then the optimal routes can be 
easily calculated. The model describing 
large traffic networks can be converted 
to a real-time track recommender, which 
calculates the best route with respect to 
the variation of the traffic. Based on the 

unique speed processes extracted from the macro models, it is possible to examine the 
single vehicle’s power demand and emission [EJJT; 2009]. 

The used model [(Péter, Bokor; 2007),(Péter, et al.; 2008)] is validated by the 
examination of a real section of Budapest [Bede, Péter; 2010]. Before starting the 
examination we have to take into consideration, that the simulated variation of traffic 
is based on statistical data. Because of this the acceptance of the simulated diagrams 
depends on the values measured on the road network.  

    

 

Figure 4. Velocities and performances distribution 

So we drove along the examined route and stored the real speed profiles using a GPS. 
Comparing the speed diagrams stored during different runs showed that it is 
impossible to get twice the same profile. The drive cycles must be handled as different 
realizations of a stochastic process, and can only be examined with a statistical 
analysis. Keeping this in mind, we compared the simulated and measured data, as 
shown on Fig. 3. (we indicated the running-time on the horizontal axis). So in the 
course of the validation of the model we get the velocity profiles as the result of the 
traffic simulation, and we drove along the route nine times. We fixed the current 
position every second with GPS. We compared these data with the velocity profiles 
obtained from the simulation and we analysed the distribution of velocity and 
performance (Figure 4.). 

 
Figure 3. Example of a speed profile obtained 
from the simulation together with measured 
GPS profile [Bede, Péter; 2010]. 
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In both cases the distribution of velocity 5 km/h, with a probability of over 30 %. In 
the cease of the performance distributions in an average are more than 60% compared 
to the overall performance claims. 

4.1. The results and the examination of accelerations  

We began the comparison of the received speed values with the examination of the 
vehicle-based speed and power demand distributions. The model is validated and 
provides unique speed processes that are identical to the real measured ones. We 
analysed the simulated speed profiles with respect to the acceleration. The 
acceleration profiles show extreme values over the capabilities of vehicle in 10 - 15 
points during the examined 4 kilometre long section. This phenomenon shows that the 
speed – density based macroscopic model does not contain an acceleration criterion. 
Based on this result, it is necessary to apply a new criterion to the extreme values of 
the speed change in the model, providing that the accelerations remain in the 
permissible range. 

x(t)’(n x 1) = <1/li>(n x n) [ K(n x n) x(t)(n x 1) + Kinp(n x m) s(t)(m x 1)] (3) 

The new criterion in a discreet model applying ∆t step: 

If vi(t)’> amax, then: vi(t+∆t) = vi(t)+ amax∆t (i=1,2,…,n) (4) 

If vi(t)’< amin, then: vi(t+∆t) = vi(t)+ amin∆t (i=1,2,…,n) (5) 

Where: vi(t) on the ith section is the calculated speed of traffic, amin ≈ -3,5…-4 m/s
2, 

amax ≈ 1,8 m/s
2 

Based on the acceleration profiles it can be stated, that our simulation model gives bad 
values only in case of sudden acceleration or deceleration. A speed profile sampled 
every second and the acceleration profile calculated from it consists 600-1200 points, 
while bad values occur in 5 - 25 points only, which is about 2 - 4%. 

4.2. Resume 

We filtered out the unreal acceleration and deceleration values, and recalculated the 
speed- and acceleration profiles. We experienced that there is an insignificant 
difference between the original and filtered speed profiles (the calculated difference is 
0,46 % for the full time; 5,68 % for the critical points). The conclusion is that the 
effect of the filtering on the statistician processes examined by the macroscopic traffic 
model is insignificant. 

However, when obtaining optimal routes (optimal trajectory) from the model it is 
important to ensure that there are no unreal acceleration values in the calculated speed 
and acceleration profiles! So, filtering is important when switching to microscopic 
models. 

The phenomenon recognized here points out an interesting new problem connected to 
the macroscopic traffic models. The elimination of this phenomenon resulted the 
development of the model. We changed the model so, that it examines the 
acceleration values in every time point, and if one of them is outside the permissible 
range then the acceleration value will be limited. The model will process this 
modified speed function. 
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Summary 

We examined a general mathematical model describing the Reversible Lane System. 
Our descriptive mathematical network model is a positive non-linear dynamic system, 
and it is also important that it is a macroscopic model. The function of every element 
and the contacts between the elements can cease in case of direction change in any 
part of the network, and then new contacts and new functional elements are activated. 
We examined how probable the availability of the optimal control in a sample 
network would be depending on the traffic density, using a new principle, which 
responds to the dynamic change of the structure of the network graph. It can be shown 
that the results from our model are in harmony with the real traffic values based on 
measurements made in road traffic systems working with Reversible Lane System, 
included in our literature references. 
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Fuel and emission control of platoon via multi-criteria 

method 

Balázs Németh – Péter Gáspár 

 

Abstract 

The paper focuses on fuel and emission minimization of platoon based on multi-criteria control. The 

proposed control design method is able to consider the velocity regulations and inclinations of the road. 

A velocity profile, which results in an optimal solution of the simultaneous minimization of emission, 

fuel consumption and traveling time for the platoon, can be calculated. 

Introduction 

Reduction of fuel consumption and emission of vehicles are one of the most 

significant purpose of automotive researches. A possible direction addresses the joint 

control of vehicle groups. The term platoon is used to describe several vehicles 

operated under automatic control as a unit when they are traveling at the same speed 

with relatively small inter-vehicle spacing. A well-organized platoon control may 

have advantages in terms of increasing highway capacity and decreasing fuel 

consumption and emissions. As a part of this research, in the paper a method is 

presented, in which saving energy, fuel consumption and emissions is developed for 

the platoon systems.  

1. Considering road conditions in velocity control 

In this section the relationship between the optimal velocity and the road inclinations 

is only briefly summarized. The results in a detailed form are found in (Nemeth, 

2011). The route of the vehicle can be divided into n sections using n+1 number of 

points as Figure 1 shows. 

 

 

 

Figure 1. Division of predicted road 
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The rates of the inclinations of the road and those of the speed limits are assumed to 

be known at the endpoints of each section, 
2

, jrefv  ][1,nj∈ . The velocity of the vehicle 

at the final point of a section jξ
&  can be expressed by using the velocity at the starting 

point 
iξ
& , the acceleration and the driven distance js . It is important to emphasize that 

the longitudinal force ljF  affects only the first section and it is assumed that additional 

longitudinal forces will not act on the vehicle. The velocities of vehicle are described 

at each section point of the road, i.e, the velocity of the n
th
 section point is 

2

,

2

nrefn v→ξ& . 

In the next step a weight Q is applied to the momentary (initial) velocity and weights 

nγγγ ,...,, 21  are applied to the reference velocities of the road sections in advance. 

While the weights iγ  represent the rate of the road conditions, weight Q  determines 

the tracking requirement of the momentary reference velocity ,0refv . 

In the final step a control-oriented vehicle model in which reference velocities and 

prediction weights are taken into consideration is constructed. Taking the weights into 

consideration the following reference velocity formulas are yielded: 
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Consequently, the predicted road conditions can be considered by velocity tracking: 

 λ→ξ0
& .                                                     

 (3) 

2.  Multi-criteria optimization & control of the platoon 

The aim of this section is to find an optimal velocity
0ξ
& , which guarantees the 

minimization of emission, control force (fuel consumption) and traveling time. The 

fulfillment of these performances individually results in different iQ γ, . 

Minimization of control force: By using λ→ξ0
&  the longitudinal force ( 1lF ) can be 

expressed as the linear function of prediction weights: 

nnl QQQQF γβγβγββ )()()()(= 221101 ++++ K

 (4) 

where iβ  are the coefficients of iγ , and they depend on the prediction weight Q . In 

case of the minimization of control force !|| 1 MinFl →  must be guaranteed. 

Minimization of traveling time: Second optimization criteria of vehicle cruise 

control is the minimization of trip time. In this case the vehicle must travel by the 

maximal regulated velocity. Therefore the difference between momentary reference 
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velocity and modified reference velocity must be minimized, i.e., !.|| 0,0 Minvref →−ξ&  

It means, that this optimization criteria can be fulfilled, if the road inclinations are 

ignored. The optimal solution of this performance is: 1≡Q
(

 and ][1,0, nii ∈≡γ
(

. 

Minimization of emission: The emission model (Ntziachristos, 2000), 

(Csikós, 2011) of platoon is approximated by using second order polynomial function 
2

02010=)( ξαξαα && ++tef platoon

total
, where 210 ,, ααα  are parameters. This formula can be 

used for the computation of the minimal emission of platoon members. The idea of 

the consideration of emission in the control is based on the formal analogy of 

)(tef platoon

total
 and disturbances. Therefore it is possible to formulate emission as the 

function of iQ γ,  prediction weights: 

),,,)((=)( 21 n

platoon

total

platoon

total Qteftef γγγ K

 (5) 

The third performance of the modified reference velocity 
0ξ
&  design is 

!|)(| Mintef platoon

total → . 

In the proposed method three further performance weights 1R , 2R  and 3R  are 

introduced. Performance weight 1R  ( 10 1 ≤≤ R ) is related to the importance of the 

minimization of the longitudinal control force 1lF  while performance weight 2R  

( 10 2 ≤≤ R ) is related to the minimization of || 0,0 ξ&−refv . In case of emission, 3R  

( 10 3 ≤≤ R ) performance weight is defined. There is a constraint according to the 

performance weights 1=321 RRR ++ . 

Thus the performance weights, which guarantee a balance between the optimizations 

tasks, are calculated in the following expressions: 

321321
ˆ=ˆ= RQRQRRQRQQRQ ++++

(

(6a) 

][1,,ˆ=ˆ= 3121 niRRRR iiiiii ∈+++ γγγγγγ
(

 
(6b) 

The velocity of the leader vehicle must track the required velocity. At the same time 

the other vehicles in the platoon must meet the string-stable requirement in order to 

guarantee the safe operation of the platoon. Consequently, two types of controllers 

must be designed: a velocity tracking controller for the leader vehicle and string stable 

controllers for each vehicle in the platoon. All the controllers must provide 

disturbance attenuation and robustness against uncertainties. The designs of 

controllers are based on robust ∞H  methods, see (Zhou, 1996). 

3. Numerical results and performance analysis 

In this Section the proposed optimal multi-criteria method is illustrated. The platoon 

in the simulation incorporates four heavy-duty vehicles, the weights of which are 

t2014 − , and the vehicles have Euro5 EGR Diesel engines. 
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In the first simulation example the interactions of the performances are analyzed. 

Figure 25 shows the simulation results of the leader vehicle of the platoon. Three 

different strategies are illustrated: minimization of liF , emission (HC , CO , XNO ), trip 

time. In these simulation cases the corresponding performance weight ( 321 ,, RRR ) is 

tuned. Terrain characteristic of road section is illustrated in Figure 2. Figure 2(b) 

shows the velocities of the vehicles at the three cases. It shows that minimal emission 

values can be obtained by higher higher vehicle velocities. Figure 2(c) shows the 

emission. When the velocity reduces the longitudinal control force also is reduced as 

Figure 2(d) shows. However, emission increases significantly at the same time. 

Consequently, there is a conflict between the minimization of control force and the 

minimization of emission. In case of the minimization of the traveling time the 

velocity of the leader vehicle is around irefv , , which results almost the same as a 

conventional cruise control system. The simulation results illustrates, that it is 

possible to achieve different performances by an appropriately selected strategy.  

The second simulation example illustrates a weighting strategy which provides a 

balance between the three performance specifications. Figure 3 shows that the 

preceding vehicles track the leader vehicle of the platoon with an acceptable tracking 

error. Thus, the designed platoon control is able to perform the tracking of the 

platoon. The velocity of the vehicle is within the velocity interval, [64km/h...76km/h]. 

Emission and longitudinal control force are minimized with different values, which 

mean that the effects of road inclinations are exploited. 

 

 

                  a, Terrain characteristics                                                       b, Velocity 

 

                                c, Emission                                                           d, Longitudinal force 

Figure 3. Division of predicted road 
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4. Conclusions: 

The paper has proposed the design of a platoon velocity based on a multi-criteria 

optimization method. The optimization method is able to handle three performances, 

such as the minimization of control force, traveling time and the emission of the 

platoon. The operation of the method is illustrated through simulation examples, 

which show that the method guarantees a balance between energy saving, the 

minimization of traveling time and emission. 
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On Analyzing the Thermal and Stress Effects of  

Tread-Braking on Railway Wheels 

László Sábitz 

 

Abstract 

This paper deals with the thermo-elastic processes occurring in railway wheels. The block braking is 
based on the frictional dissipation of kinetic energy stored in the moving vehicle. The dissipated heat 
energy flows partially into the wheel, and into the brake blocks, respectively. The heat energy input 
causes an inhomogeneous thermal process in the wheel. This leads to intensively varying tangential 
stresses along the whole wheel periphery, which may initiate and amplify radial cracks originated on 
the wheel tread. Another important thermal load of the wheel is composed by the highly concentrated 
thermal shocks arising from the micro- and macro-sliding contact of wheel and rail. Such effects, 
paired with rapid cooling of the heat affected zone, may lead to martensitic transformations in small 
patches on the wheel running surface. The appearance of hard martensified spots can often cause crack 
initiations. The finite element studies introduced in this paper were performed in order to numerically 
investigate the thermal and stress processes variating with time and their spatial distribution in the 
wheel during realistic block brake operation conditions. 

Introduction 

Block brake systems have been used in the railway industry for centuries. When a 
brake block is pressed against a rotating wheel periphery, the generated frictional heat 
affects the thermal and stress conditions over the whole circumference of the wheel.  

Occassionally, railway wheels are also loaded by the frictional heat arising from the 
sliding of the wheel on the rail. This thermal load is highly concentrated to the 
vicinity of the wheel/rail contact patch, but – due to its capability of martensite 
forming – this ’thermal shock’ is of great importance when investigating the thermal 
fatigue of the wheel material [13]. Local thermal and wear effects, surface roughness 
and thermo-elastic instability increase the complexity of the phenomena, but are 
beyond the scope of this paper.  

1. Scientific antecedents  

Subsequent brake applications cause heat treatment of the wheel material, which leads 
to a refined micro-structure in the precincts of the tread. Martensified regions (Fig. 1) 
as well as cracks initiated from such regions (Fig. 2) were reported by several 
microscopic studies of damaged wheels ([2], [4]). A typical broken wheel is shown in 
Fig. 3: radial crack propagation was experienced in the wheel row, tangential one in 
the wheel disc. 
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Fig. 1: Martensified texture 
(N=1000x) (Fig. from [4]) 

Fig. 2: Cracks and re-crystalli-
zations (N=16x) (Fig. from [2]) 

Fig. 3: Cracked mono-
block wheel 

Investigations performed by Zobory et al. ([3]-[5], [11]) concluded that besides the 
brakes, the anti-slip device might also be responsible for the wheel damages 
mentioned above.  

Vernersson [6] performed several measurements and FE simulations to observe the 
primary mechanisms of thermo-elastic instability, heat partitioning and the rail chill 
effect. 

Harder, Kennedy et al. (refs. [7]-[9]) demonstrated that martensite formation in tread-
braked wheels occur mainly because of wheel sliding on the rail. It was shown that 
the conditions for martensite generation might be satisfied in the wheel material for a 
depth of ca. 0.5-0.6 mm under the running surface. Similar results were found by Su 
et al. [10]. 

2. FE analyses and results 

2.1. Thermo-elastic processes due to tread braking 

For the sake of the quantitative description of the tread braking-induced temperature 
and stress distributions in a mono-block railway wheel, a 3D finite element model was 
constructed. The heat flux entering the wheel was supposed to be uniformly 
distributed around the wheel circumference. The simulation process contained a full 
passenger train route with length of 188 km. The details of the model and its results 
are given in [11]. 

The simulation insisted that the wheel tread temperature did not exceed 300 °C [11]. 
Considering the approximations mentioned above, local effects might increase the 
simulated peak temperatures by 30-50%. These results explain the texture refinement 
in the wheel row, but the austenitizing limit of the wheel steel (723 °C) is far from 
reached.  

During braking, the frictional heat entering the wheel generates very high gradients 
inside the wheel row. This leads to the restricted dilatation of a thin layer in the 
vicinity of the wheel tread (Fig. 4). The result: excessive tangential (compressive) 
stresses. Von Mises equivalent stress has also high magnitudes at this location, as it is 
shown in Fig. 5. In the middle of the wheel disc, radial stress components are 
dominant. The wheel/rail contact has a concentrated effect on the Von Mises stress 
inside the wheel row (see Fig. 6). The results indicate the development of plastic 
deformations and residual stresses. 
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Fig. 4: Momentary 
temperature distr. in the 
wheel meridian section 
during stop braking 

Fig. 5: Von Mises equiv. 
stress distr. in the wheel 
meridian section belonging 
to the wheel/block contact 

Fig. 6: Von Mises equiv. 
stress distr. in the wheel 
meridian section belonging 
to the wheel/rail contact 

Considering the FE model of the wheel, the time history of the tangential stress 
component was evaluated for a chosen point on the wheel tread. The high wheel/rail 
contact pressure proved to have significant effect also on the tangential stress, causing 
high amplitude cycles in every wheel rotation. A detailed evaluation of the stress 
results is givn in [11]. 
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Fig. 7: Tangential stress collective for passenger train operation with several stop 
brakings 

The stress cycles for the peripheral points in question were obtained by determining 
the stress amplitudes and mean values. A 3D frequency diagram of the tangential 
stress collective is illustrated in Fig. 7. The group of high amplitude cycles (right side 
of Fig. 7) – the ones caused by wheel/rail contact stresses – can be considered as the 
main reason of radial crack propagation in the wheel row. With the knowledge of the 
S-N curve of the wheel steel, this load collective gives a basis for fatigue life 
computations. 

2.2 Thermo-elastic processes due to wheel/rail contact  

A finite element model of a railway wheel-set was built in order to qualitatively study 
the thermal phenomena caused by macro-sliding contact of wheel and rail. A 
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simplified case was considered, with the heat flux supposed to be equally distributed 
over a rectangular contact patch of 6x8 mm. Unit thermal power was applied for time 
duration of 0.06 s. As a result, a spherical temperature field (see Fig. 8) evolved in the 
wheel. Analytical computations based on the formulae derived in [1] were used to 
evaluate the FE results. 

 

Fig. 8: Temperature distribution in the wheel rim 

Knowing that the effective part of the thermal process is very short in time, and it is 
concentrated to a small region, a local FE model was constructed (Fig. 9). The higher 
mesh density resulted in an increased accuracy of the simulated temperature data. It 
can be seen in Fig. 10 that the temperature of the centre-point of the contact area 
matched the analytical results well until 0.2 s, so the essential part of the phenomenon 
was captured by the model.  
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Fig. 9: ‘Local effect’ FE model  
with refined mesh 

Fig. 10: Local FE model with high mesh 
density vs. analytical solution 

The qualitative study pointed out an intensive heating-cooling cycle in the wheel/rail 
contact surface. The quick cooling is caused by the heat conduction towards the depth 
of the solid, but a possible stop on a cold part of the rail could further accelerate the 
quenching. A quantitative investigation with realistic amount of thermal power seems 
to be necessary for demonstrating the exact way of martensite generation on the wheel 
tread.  

3. Conclusions drawn from the simulations 

Based on the simulations introduced in chapter 2, the following conclusions can be 
drawn: 
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• Supposing normal brake operating conditions, the braking-induced temperature field 
that is apt for re-crystallizing the texture of the wheel steel in the close neighbourhood 
of the tread surface. The heat flow density is not sufficient to meet the conditions 
necessary for martensite formation on the tread. 

• The simulations pointed out that thermally generated tangential mean stresses in the 
wheel – superimposed by wheel/rail contact stress amplitudes – may lead to plastic 
deformations, residual stresses and radial crack propagation in the wheel row.  

• The vertical load transmitted through the wheel/rail contact surface plays a decisive 
role in wheel fatigue through radial cracks. 

• Fatigue life computations for the mono-block wheels in question would be possible 
based on load collectives similar to the one illustrated in Fig. 7. Such computations 
require the reliable knowledge of the S-N curves of the wheel steel, determined by 
laboratory fatigue tests. 

• The complete macro-sliding appearing on the wheel/rail contact patch can be 
considered as the effect of a ‘fifth brake block’ contributing to the increase of local 
temperature on the wheel tread, that may easily exceed the austenitizing limit. In 
addition, the always present lateral motion of the railway wheel-set can cause such 
wheel/rail contact conditions, that the overheated tread domains (strip) come into 
direct contact with the cool rail surface, which can contribute to the martensite 
formation through the intensive falling in temperature. 
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Determination of the equivalent stress of a gear wheel 

Zoltán MOLNÁRFI 

 

 

Abstract 

The gear wheels work under stochastic conditions. The effects causing this stochasticity are: torque 

fluctuations, torsional vibrations, the dynamics of the vibration system, wheel assembly eccentricity 

and the profile errors or defects of the teeth. The purpose of this paper is to construct a method for 

computing the equivalent load concerning the teeth of a gear wheel. The bending stress processes 

generated on the teeth are investigated. It is recognised that the variation with time of the former are 

very similar in shape over a long period (i.e. the stress process can be treated as a quasi-stationary 

stochastic process). Taking into consideration this fact the estimation of the probability density function 

of the bending stress at the point selected on the profile at the foot circle can be made, based on the 

relative frequency distribution. After sampling with appropriate time step, the equivalent load can be 

computed by numerical integration. The conditions of usage and discussing the conclusions, as well as 

the possibilities of further developments, furthermore our plans for improving the method will be 

shown. 

Keywords: gear wheel, stochastic force, equivalent load, fatigue 

Introduction 

Most of the vehicles and mobile machines have at least one pair of gear wheels, that 

are important part of the power transmission system. Their operation is realised under 

stochastic conditions [5]. There are several effects which causes this stochasticity. 

Even if the rotational speed is constant there are torque fluctuations (for example due 

to the driving the internal combustion engine), torsional vibrations and other effects 

like the dynamics of the vibration system (for example with cardan shaft in the drive 

train), wheel assembly eccentricity and tooth profile errors [4] or defects that causes 

stochastically varying peripheral forces. The paper gives a method to determine the 

equivalent load of a gear wheel working under these conditions [3]. First the 

frequency distributions of stress will be examined for each tooth then the expression 

of the equivalent load will be worked out after a few considerations. It will be shown 

how to compute it in theoretical and also practical ways. 
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1. The stochastic peripheral force 

Fig. 1. shows the 

generations of internal 

contact force in the elastic 

drive train. 

The stochastic bending 

stress process ),( ωσ tn  is 

considered at point P. The 

tangential force process 

),( ωtFt  generates stress 

process ),( ωσ tn . 

 

Each tooth of the gear wheel has a different, stochastically varying load. The bending 

stresses of the teeth are random variables. In Fig. 2. the fluctuation of the bending 

stress is shown for steady motion. The time τ  designates the duration of load 

transmission of a tooth, which process is periodic with period T. 

2. Frequency distributions of the bending stresses 

The frequency distribution of the stresses in question can be evaluated from the stress 

realization [1] of each tooth (by considering the impulse sequence of distance T 

belonging to the tooth each). 

 

 

Figure 1. The bending stress process of the teeth 

 

Figure 1. The examined contact of gear wheels 
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In Fig. 3. it can be seen, that the frequency distributions belonging to the individual 

teeth are almost of the same shape after an appropriately long time period and they 

converge to a common limit distribution. 

3. Relative frequency distributions of the gear wheel 

Supposing that the steady state frequency distributions have already evolved they 

should be normalized, so the relative frequency distributions can be determined 

(based on the relative frequency density histogram the probability density function 

can be generated by limit transition 0→∆σ , where σ∆  stands for the length of 

partition elements on the stress axis). 

4. Equivalent stress load 

 

Consider the expression 
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∑
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 stress amplitudes. After some rearrangement the 

following equation is obtained: 

 

Figure 3. Bending stress frequency distributions of the individual teeth 

Figure 4. The change of the distribution 

function over an interval of stress 

area(∆ϭ) = ∆K  
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is the relative frequency of the event that iσ  falls into interval iσ∆ . 

These frequencies are the increments of a K(σ) distribution function over the intervals 

iσ∆  . If σ∆  tends to zero the sum will tend to a Stieltjes-integral with respect to the 

distribution function )(σK : 

∫=
F

A

dKp

σ

σ

σσσ )( . (2) 

The mentioned distribution function K(σ) and the associated probability density 

function f(σ) = dK/dσ are shown in Fig. 4. 

5. Approximation 

The stochastic pulse function-like realisations ),( ωσ tr  should be summed, where 

index r changes from 1 to the number of teeth z. The result is the combined stress 

fluctuation function 

∑
=

=
z

r

r tt
1

),(),( ωσωη , (3) 

where ω  stands for the elementary event reflecting the random character of the 

process [2]. The distribution function )(σK  and the probability density function 

)(σf  can be estimated by the evaluation of realisation function (3) as it is shown in 

Fig. 5. 

 
 

 

Figure 5. Estimation of the distribution and the probability density function 
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6. Computation of the equivalent load 

6.1. Computation of the pth moment 

If the differential increment of the distribution function K(σ), the probability density 

function f(σ), the stress-time function σ(t) as well as the differential increment dσ(t) 

the time dependent stress realisation function are known, the p
th

 moment in question 

can be determined in the following form: 

∫∫∫ ==
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ϑ
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Two alternative ways can be followed to evaluate the numerical value of (4). If the 

domain of realisation function )(tσ  is divided into disjoint time intervals where it is 

piece-wise invertible, conditional probability density functions can be constructed 

belonging to these intervals. With the help of these latter functions conditional p
th

 

moments can be computed. Finally, the result is determined as the weighted mean of 

the obtained conditional equivalent stresses. Another possible way is to construct the 

indicator functions ),( ii t σχ ∆  of the events that the value of realisation function )(tσ  

falls into intervals iσ∆  ( ni ,...,2,1= ). With the help of these indicator functions the 

increment of the distribution function and the final result can also be computed by 

integration ),( ii t σχ ∆  over the time domain ϑ . 
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6.2. Direct computation 

In the practice the equivalent load can be estimated by sampling and computing a 

numerical integral. It can be performed through the processing of the ordinate set 

)}({ itη  by using the sampling time interval t∆  and the computation of the following 

expression is necessary. 
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In this way the approximate expression of the equivalent load is available. 
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7. Conclusions 

The teeth of the gear wheel have practically the same limit frequency distribution of 

stress, so they can be treated together with the help of the combined stress fluctuation 

function. This limit distribution can be estimated by sampling and processing the data 

from measurements. The equivalent load can be determined by frequencies as a 

weighted p
th

 moment of the stress distribution. It can be traced back to an integral if 

the estimated probability density function is known. Further experiments are planned 

on a fatigue test rig with prescribed varying load. After these investigations and 

postprocessing the measured data, more details will be determined and published. The 

extension of the investigations is also planned in order to give more complex 

information about the stochastic stress process. 
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Flight Tests in a Flight Simulator to Investigate the 

Pilots’ Behaviour in Different Flight Situations 

István Jankovics 

 
 

Abstract  

Nowadays several on-going projects like EPATS, PATS, PPlane, etc. dealing with a new way of air 
traffic called personal air transportation system. These projects predict a huge growth in the number of 
performed flights. By 2020 it can reach 40 million flights per year. This new system requires new 
airplanes and more pilots having limited practice. Because the limitations, this paper briefly discusses 
the developed software to log flight parameters, activity of pilot in the cockpit and measures the pilots’ 
reaction time in the flight simulator laboratory of Department of Aircraft and Ships at BME, and briefly 
shows some results of flight tests performed in the simulator by pilots having different skills. 

1.  Introduction 

To understand the behaviour of less-skilled pilots, the characteristics of less-skilled 
and well-trained pilots must be determined. This characteristics change from time to 
time, and with the stress level of pilots in different stress situations.  

To start any measurements in the flight simulator of DAS1, development of new data 
acquisition software is necessary. Up to this work, in this configuration, the simulator 
did not have the ability to log the flight parameters of simulated aircraft, the activity 
of pilot or pilots, visualize the 3D flight path in real time (not the pilot’s view), and so 
on. 

The simulator was built in 2001. It is a fixed-base simulator for education, 
demonstration and research purposes. Depending on whether the purpose is, it can be 
run in different software configurations. In education and in demonstration classes to 
familiarize the students and visitors with a cockpit and systems of modern jet aircraft 
and with the used flight procedures, the Microsoft’s Flight Simulator software is used. 
In research, the Flightgear with MATLAB Simulink, self-developed flight simulator 
software or the MS Flight simulator can be used, depending on the field of research.  

In 2010 a large modernization on the simulator was started. The number of computers 
was reduced new hardware and software were developed and installed. 

2. System to measurements 

The research aims the pilot and his activity in the cockpit, so the MS Flight simulator 
is suitable to do test flights. 
                                                 
1 DAS: Department of Aircraft and Ships at Budapest University of Technology and Economics 

www.rht.bme.hu  
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The basic configuration of the simulator consists only 3 PC, but this system can be 
enlarged with more PCs at will. The PCs communicate with each other using TCP/IP 
protocol, and share data using FSUIPC/WIDEFS2 module. Using this module, self-
developed data acquisition software was easily developed in Delphi environment. The 
required parameters can be obtained by reading memory offsets from FSUIPC module 
or from WIDEFS client application. The hardware developed in 2010 use also 
FSUIPC offsets to communicate with software used in simulator.  

The new software can log different parameters from the simulated aircraft and the 
activity of pilot such as: 

• airspeed (IAS,TAS,GS), 

• altitude (barometric, radio), 

• vertical speed, 

• aircraft position, 

• angle of attack, 

• slip angle, 

• accelerations, 

• angular rates, 

• heading, pitch, bank, 

• tuned frequencies 

• actual mass, fuel quantity, 

• simulated environment conditions 
(temp., wind, etc.), 

• flight controls’ position, 

• Engine parameters (N1, temp., 
fuel flow, etc.), 

• active modes of autopilot, 

• position of different knobs and 
buttons in the cockpit 

• etc. 

It logs every data with customized sample rate, and save it in text format, which can 
be loaded and analysed in Microsoft Office Excel, or in MATLAB environment at 
user’s discretion. 

Besides this function, it can measure the pilot’s reaction time on a very simple way, 
although it is a bit more than a simple reaction time measurement. On the GUI3 of this 
software, a blinking signal appears. When the pilot perceives the signal, has to find 
the proper button on GUI and push it to eliminate this signal. The time between the 
appearance of signal and button pushing is logged. This time is directly proportional 
to the load on the pilot. The appearance of the signal can be triggered by an operator 
with a client application, or automatically. 

3. First tests and results 

Few preliminary flight tests were performed in the simulator to decide on necessary 
future developments of the system. In the flight test, 5 pilots, with different flight 
experience were asked to fly the same simple tasks. The tests were repeated 1 month 
later.  

Because the limitations of this paper the whole test will not be discussed here, only 
one of the less-skilled and well-trained pilot’s results is discussed from the two flight 
test. 

                                                 
2 web: www.schiratti.com/dowson  
3 GUI: Graphical User Interface 
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The task of the test flight was simple. The pilots started their flight at constant 
airspeed (250kts) in level flight (at 2000 feet). After they took over the control, they 
had to initialise a steady climb with constant (250kts) indicated airspeed, flight 
heading, and climbed to 10000 feet, where they had to level off, and maintain this 
altitude with 250kts indicated airspeed. Tolerance limits were set during the tests. 
These limits were ±100 feet for altitude, and ±10 knots for the airspeed. 

The result of the first test can be seen in fig.1. . T=0 sec is the moment when the 
simulated airplane reached the target altitude for the first time. It can be seen that the 
well-trained pilot initialised the level off manoeuvre with a small delay, but he didn’t 
go out of the tolerance zone. After the level off manoeuvre he successfully maintained 
the target altitude within the given tolerance zone for 80 seconds, when he was 
ordered to perform a steady descent. The same can be said about the airspeed. The 
airspeed was in the given tolerance zone during the test. 

 
Figure 1 Altitude and airspeed diagram of the first test flight 

In the case of less-skilled pilot, the results were considerably different, but expected. 
He started a rapid climb, which resulted significant changes in the airspeed. While he 
struggled with speed problem, he made big oscillations in pitch angle and altitude, and 
finally overshoot the target altitude by 270 feet, which is out of the tolerance zone. 
After that, he could reach the desired altitude, and kept the airplane within the 
tolerance zone, but at 67 seconds he went out this zone, and made oscillations with 
increasing amplitude. Keeping the airspeed within the tolerance zone in level flight 
was executable task for the pilot, but of course, he did this with higher deviation than 
the well trained pilot did. The results showed, what the pilot admitted later, he was 
overloaded by this simple task. 

Second tests were performed nearly one month later with same pilots, and same tasks. 
Seeing the result of the first test, the level flight section of the test was chosen longer 
to see more oscillation in altitude and airspeed. Tolerance limits were the same. The 
results can be seen in fig.2. Both pilots performed well, and better than first time.  
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The well-trained pilot’s performance was almost the same. He kept the altitude and 
airspeed in the tolerance zone during the whole test flight. 

The less-skilled pilot’s performance was much better than it was in the first time. It 
was a bit surprising, but maybe expected. He kept the parameters much easier and the 
maximum divergence from the desired altitude was 150 feet, which is nearly the half 
of the maximum divergence of first test. If we look at the airspeed, the pilot’s 
performance was also better. In the level flight phase of test the speed was within the 
tolerance zone, and the changes was smaller, the whole flight was smoother. 

If we look at the results of first and second test for same pilot, we can compare his 
performance (fig.3.). In case of well-trained pilot, we can see that level flight shows 
same characteristics and the only difference is in the altitude catching phase of the 
flight, where he pushed the elevator more than it was required. 

Comparing the results of the less-skilled pilot (fig.4.), the difference in the parameters 
is more conspicuous. The period of the oscillations in both parameters is nearly the 
same, but the amplitude of the oscillations is much smaller in the case of second test. 

 
Figure 2 Altitude and airspeed diagram of the second test flight 

 
Figure 3 Comparison of well-trained pilot’s results 
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Asking the pilots about the cause of difference in results of tests, they said the first 
was harder, because they were more excited at first time and the stress level was 
higher, because of their own expectations. 

Before continuing the tests with more complex tasks, new measurement systems and 
procedures are required to measure the pilot’s actual mental and psychophysical, 
physiological condition, and reaction time. These new developments have already 
started at DAS. 

4. Conclusions 

The paper shortly presented the developed software to log flight data from flight 
simulator of DAS. Some results of the first tests were also presented. The performed 
flight test showed clearly how the characteristics change by time, depending on the 
pilot’s actual psychophysical, mental conditions. More test and measurement of 
pilot’s physiological condition needed. A new measurement system development was 
started at DAS, to measure and analyse the pilots’ physiological parameters in real 
time. 
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Figure 4 Comparison of well-trained pilot’s results 
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Propeller design method for manoeuvre tests of small 

scale inland ship models 

Csaba László HARGITAI 

 

 

 

 

Abstract  

This article describes a propeller design method for small scale inland ship models, which ensure the 

similarity of hull resistance and rudder forces between the full scale vessel and the manoeuvre test 

model. 

Introduction 

Although the inland waterway transportation is one of the safest, to enhance the safety 

of navigation always will be the responsibility of the research. The key question of 

safe navigation is the manoeuvrability of vessels. The requirements are given by the 

waterway parameters (water level, fairway width, curves, fords, bridge clearance, 

hydraulic engineering structures, etc), the meteorological conditions (wind direction 

and speed, precipitation, visibility, etc) and the actual traffic situation. 

To know the manoeuvrability of a vessel is essential whether it is about ship design, 

the analysis of an accident, or training of the crew. The cheapest way to predict the 

motion of a ship is the computer simulation. For this several motion equation theories 

are available but every simulation needs to be validated by full scale or model 

manoeuvre tests. The full scale experiments are very expensive and often cannot be 

implemented (e.g.: follow-up analysis of an accident), that is why the manoeuvre tests 

by the ship models are highlighted.  

This article describes a propeller design method for small scale inland ship models. 

1. The importance of propeller design by small scale manoeuvre tests. 

The importance of model propeller selection can be presented by a parameter 

sensitivity analysis of the ship motion equations. The semi-empirical motion 

equations – based on Newton’s II. law – determine the forces and torques acting on a 

ship according to the ship design practice.  

According to an earlier parameter sensibility research [1] the longitudinal and 

transversal force-coefficients of the rudder (cKx, cKy), the lateral resistance coefficient 

of the hull (clat) and the longitudinal resistance of the hull (R’t) have the biggest effect 
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on the errors of transversal and longitudinal acceleration  and rotational 

speed (ωz) of the vessel. 

The hull resistance can be determined relatively precisely by model tank tests and 

experience based calculations [2]. But only calculations [3] with relative serious 

errors are still exist to determine the rudder force factors (cKx; cKy), or they can be 

deduced according to former experimental results. 

In order to the rudder forces can be proportioned to the full scale rudder forces (and 

the model maneuvers shows the real ship maneuverability) the proportional propeller 

stream (velocity, pressure distribution, flow- and vortex lines, etc.) have to be 

established by the model of an inland ship. The reason is that the usual inland 

merchant vessels produce the rudder forces by the deflection of the propeller stream. 

2. The similarity of full and model scale propellers 

The similarity of the following ship and propeller parameters have to established by 

the model manoeuvre tests for rudder force analogy between full scale and model ship 

at the ship speed of manoeuvre (vman). 

Paramter Full scale ship Model ship 

For similarity of forces 

Ship speed by manoeuvre 
  

Total resistance of hull 
  

Thrust 
  

For similarity of flow 

Effective wake fraction 

  

Thrust deduction fraction 

  

2.1 Similarity of forces 

According to Froude’s similarity theory, the similarity of pressure and gravity forces 

of ship can be ensured if the Froude number of full and model scale ship is the same 

(2). In this case the residual resistances (RR) are similar and the residual force 

coefficients (cR) are equal. 

  (2) 

In case the Froude No. is computed at full scale ship manoeuvre speed, the manoeuvre 

speed of model can be also calculated: 

  (3) 
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Should the case occur the towing tank and self propelled tests of ship are exist, the 

resistance (RMt) and the needed thrust (TM) of small scale model ship can be calculated 

at the speed of manoeuvring. [2] 

The resistance of full scale ship (RT) can be read off from the towing tank test results 

at the speed of manoeuvring. The total resistance coefficient (cT) can be computed, 

from which the residual resistance coefficient (cR) is determined by deduction of 

friction resistance coefficient (cF) (this can be appointed acc. to ITTC1957 formula or 

[4]): 

   (4) 

Total resistance of the small scale model can be computed from the residual resistance 

coefficient and the friction resistance of the model (this also can be appointed acc. to 

ITTC1957 formula or [4]): 

    (5) 

The needed thrust of the full scale ship can be read off form the self propelled test 

results. According to this the thrust deduction fraction is given: 

  (6) 

Because the propeller has to have the same pressure effect (proportional) on the smal 

scale model, the thrust deduction fraction of full scale ship has to be equal as the 

model. According to this the needed thrust of the model is given: 

 (7) 

The propeller of the small scale model has to be designed for this thrust.  

 

2.2. Similarity of flow 

The produced thrust and needed torque of the different propellers can be appointed by 

the open-water tests of propellers (towing test without any hull). The open-water 

characteristics of a propeller give the thrust and torque coefficient (kT and kQ) in 

function of advance number of propeller (J). 

 ; ;  (8) 

By self propelled ship tests the research institute reports not only the characteristics of 

the vessel but the dimensions and open-water characteristics of the vessel’s propeller. 

But the effect of the hull on the propeller stream has to take into account by the design 

of a propeller. Because the propeller works in a flow which is disturbed by the hull, 

the propeller produces the same thrust by different speed in self propelled and in 

open-water cases. The difference between the speed of the propeller in wake and in 

open water is defined by the effective (or Taylor) wake fraction (11). 

The wake fraction of the full scale ship can be determined from the self propelled test 

(needed thrust in function of ship speed) at the manoeuvre speed and the open-water 

characteristics of propeller[2]. 
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   (9) 

The advance number of propeller at the manoeuvre speed (Jman) is appointed from the 

open-water characteristics, and so the propeller speed of advance can be calculated: 

   (10) 

 

The effective wake fraction is: 

  (11) 

The full scale wake fraction is not equal to the model wake fraction because the 

friction forces are different (Reynolds numbers are not equal). The friction caused 

wake fraction difference can be compensated according to [6] as follows. 

The full scale speed of advance of propeller: 
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Where the speed loss coefficient after hull is: 
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And the axial induced velocity at propeller section from the momentum law: 
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The speed loss coefficient of the model can be determined with proportion of friction 

coefficient of the full scale ship and the model: 
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The model axial induced velocity at propeller section from the momentum law: 
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The model speed of advance of propeller: 
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By solving this two equations the model speed of advance and the model wake 

fraction can be computed. 
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In case the model propeller is designed with the help of the corrected wake fraction, 

the flow similarity of propeller can be established.  

With the previously calculated speed of advance of model ship propeller (vAM) the 

advance number of propeller (JM) is given. 

   (19) 

Conclusion 

With the help of the above-described method those basic model propeller parameters 

can be defined, which ensure that the model propeller thrust and flow are similar to 

the full scale ship. By conventional inland ship rudders this also means the similarity 

of rudder forces. 

But the method do not select a single model propeller, which performs the tasks. 

Selecting the best propeller has a number of other factors and properties, for example 

the available motor of the model, propeller cavitations, strength of propeller, 

efficiency, etc. To select or design the optimal propeller will always depend on the 

current maneuver model. 
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1. A brief description of the Doctoral School in Psychology 

The doctoral school was established in 2004, with an intention to become an important 
research centre in cognitive science. Cognitive science is a novel way of investigating 
human knowledge and cognition, based on three complementary approaches: (1) Formal 
analysis of knowledge (perception, language, memory)  relying on the traditional 
disciplines of mathematics, philosophy and linguistics. (2) Analysis of  biological 
systems (that embody cognition) by  the experimental investigation of real biological 
cognitive systems, evolution of these systems, their neural organization and disturbances. 
(3) Analysis of cognition in terms of artificial systems. The focus of the Doctoral School 
includes research in human perception, learning, brain plasticity and development, as 
well as language, memory, and the electrophysiology of sleep. Since 2004, more than 10 
students have absolved and have been advanced to Candidacy, and 4 have successfully 
defended their PhD theses and have been awarded with the degree. As far as the scientific 
outcome is concerned, the members, supervisors and students of the school have 
published several hundreds of high-ranking journal papers. 

2. Research and development projects supported by TÁMOP-4.2.2/B-
10/1-2010-0009 

The summarizing title of the main research field supported by TÁMOP-4.2.2/B-10/1-
2010-0009 is the following: Humans as cognitive beings 
The following main issues are explored under this project:  
(1) At what extent is the development of cortical processing mechanisms of the human 
brain preprogrammed? What is the exact role of experience in early human development? 
We attempted to answer this question by investigating preterm babies who are given two 
extra months of stimulation on average. Is it their real or corrected postnatal age that 
determines the onset of stereopsis? We found that the human cortex is much more plastic 
and stimulus-dependent than we thought before. We have also investigated the later 
development of binocular vision, especially the development of binocular rivalry. 
(2) What are the main factors behind learning disability? People with developmental 
disorders and mental retardation pose a difficult burden on society, cannot lead an 
independent life, and long-term care of these patients and their families has to be 
provided. Our research offers help in two ways: (1) early diagnosis and the possibility of 
effective early therapy, (2) improvement of severe problems by defining epigenetic (e.g., 
sleep patterns) and behavioral components of the disorder that can be improved by 
different medical treatments. 
(3) What are the most important characteristics of learning in language acquisition 
disorders? Children with Specific Language Impairment (SLI) have a primary deficit in 
language abilities in the absence of any hearing deficits, neurological disorders, 
emotional and social problems, environmental deprivation or mental retardation that 
could account for their language problems. Possible dissociations between mechanisms 
and domains of procedural learning are tested. 
(4) What are the subgroups of schizophrenia?  Schizophrenia is one of the biggest 
common health problems all over the world, an illness studied with enormous financial 
efforts. As the substantial pathological processes are not clear, there is no causal therapy 
yet. Our basic research can help refining target determination of etiological studies and 
development of specific therapeutic and rehabilitation methods 
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Sleep EEG fingerprints reveal accelerated thalamocortical 
oscillatory dynamics in Williams syndrome 

Ferenc Gombos, Róbert Bódizs, Ilona Kovács 

 

Abstract: Sleep EEG alterations are emerging features of several developmental disabilities, but 
detailed quantitative EEG data on the sleep phenotype of patients with Williams syndrome (WS) is still 
lacking. Based on laboratory (Study I) and home sleep records (Study II) here we report WS-related 
features of the patterns of antero-posterior 8-16 Hz non-rapid-eye-movement (NREM) sleep EEG power 
distributions. WS participants were characterized by region-independent decreases in 10.50-12.50 Hz and 
central increases in 14.75-15.75 Hz EEG power. Region-independent decreases and increases in z-scores of 
the spectra were observed in the 10.25-12.25 Hz and 14-16 Hz ranges, respectively. Parietal fast sigma 
peaks and the antero-posterior shifts in power distributions were of higher frequencies in WS (0.5-1 Hz 
difference). Altogether these data suggest a decrease in alpha/low sigma power, as well as a redistribution 
of NREM sleep 8-16 Hz EEG power toward the higher frequencies and/or a higher frequency of NREM 
sleep thalamocortical oscillations in WS. 

Introduction: Evidence supports the robustness and stability of individual differences 
in non-rapid eye movement (NREM) sleep EEG spectra with a special emphasis on the 
8–16 Hz range corresponding to alpha and sigma activity (De Gennaro et al., 2005; De 
Gennaro et al., 2008; Tan et al., 2000). A substantial genetic influence on spectral 
composition of NREM sleep in humans, in particular with respect to alpha and sigma 
frequencies was also reported (Ambrosius et al., 2008). Furthermore, the unique profile 
of the 8–16 Hz EEG spectra of NREM sleep was considered as the EEG fingerprint of 
sleep, and found to be the one of the most heritable human traits (heritability of 96%), not 
influenced by sleep need and intensity (De Gennaro et al., 2008). Given the increasing 
evidence for the robustness of this trait-like feature of NREM sleep EEG, further studies 
unravelling the distinct phenotypes peculiar to specific developmental disabilities are of 
potential interest. No study focusing on developmental disorders characterized the fine 
structure of the genetically determined 8–16 Hz NREM sleep EEG. 

Williams syndrome (WS) is a genetically determined developmental disorder linked to a 
microdeletion in chromosome 7q11.23 and characterized by mild to moderate mental 
retardation, learning difficulties, high sociability and empathy and a distinctive cognitive-
linguistic profile (Järvinen-Pasley et al., 2008; Meyer- Lindenberg et al., 2006). Available 
data on the sleep of patients with WS suggest decreases in sleep time, sleep efficiency 
and REM time as well as increased slow-wave sleep (Arens et al., 1998; Goldman et al., 
2009; Gombos et al., 2011). Our aim is to unravel the peculiarities of the individual sleep 
EEG fingerprints of WS participants. Results of these analyses might shed light on both 
the neural correlates of WS and the genetic factors determining sleep EEG in general. 

Based on laboratory (Study I) and home sleep records (Study II) here we report WS-
related features of the patterns of antero-posterior 8– 16 Hz NREM sleep EEG power 
distributions. Our further aim were to test the stability of the WS related sleep EEG 
pattern described in Study I by the inclusion of participants of the sample in Study II. 

Methods: Study I: Nine WS and 9 age- and gender matched TD control participants 
were enrolled in the study. Age- and sex-matching of TD participants were performed in 
a case-controlled manner: every WS subject had a TD pair with similar age (within the 
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limits of 2 years, but usually less than 1 year difference) and sex. One except in sex-
matching was intentionally introduced in the case of a 16 years old dizygotic twin pair 
discordant for WS and sex, the non-WS 16 year old girl serving as a TD control of her 
WS brother. Age range of the whole sample was 14–29 years, the mean age being 20.44 
years. Five males and 13 females participated in the study. Participants underwent 
polysomnographic examinations on two consecutive nights during their sleep in the 
laboratory. Electroencephalograms (EEG) according to the 10–20 system (Jasper, 1958) 
at 18 recording sites referred to the mathematically linked mastoids, left and right 
electrooculograms (EOG) with contralateral mastoid reference, respectively, as well as 
bipolar submental electromyograms (EMG), electrocardiograms (ECG), and 
accelerometry-based left and right leg movement detections were carried out. 

Study II: WS participants examined in Study I were followed up after 1 year. Moreover, 
the study population was extended by including 11 further WS participants (N = 20, 7 
males and 13 females, age range 6–29 years, mean age 19.6±7.066 years) together with 
11 TD controls (N = 20, 6 males and 14 females, age range 6–29 years, mean age 
19.6±7.007 years). The twin pair discordant for WS and sex examined in Study I was 
again considered as a pair case control. Home sleep was recorded according to the 
participants preferred sleeping. We recorded EEG according to the 10–20 system (Jasper, 
1958) at 21 recording sites referred to the mathematically linked mastoids. Bipolar EOG, 
ECG and submental as well as tibialis EMG were also recorded. 

Data analysis: Sleep recordings were visually scored according to standard criteria 
(Rechtschaffen & Kales, 1968) in 20 s epochs. Next the 4 s epochs containing artifacts 
were manually removed before further automatic analyses. Average power spectral 
densities were calculated by Fast Fourier Transformation applied to 50% overlapping, 
Hanning-tapered, artifact-free 4 s epochs of whole night stages 2–4 NREM sleep.  

Both the raw values and the z-scores of 8–16 Hz spectra were used in the statistical 
analyses. z-transformation was introduced in order to follow previous approaches in the 
field (De Gennaro et al., 2005) as well as to control for potentially simultaneous 
differences in general EEG amplitude and delta power, the latter being supported by our 
own results (Gombos et al., 2011) and indirectly by the reports of an increased SWS in 
WS (Gombos et al., 2011; Mason et al., 2008). The z-transformation results in series with 
a mean of 0 and standard deviation of 1, varying between 8 and 16 Hz, and reflecting the 
individual- and derivation-specific shapes of the spectra.  

In order to test the differences in the distribution of NREM sleep 8–16 Hz EEG power 
along the antero-posterior cortical axis sagittally and parasagittally derived z-transformed 
power values were averaged [Fp = mean (Fp1, Fp2), F = mean (F3, F4, Fz), C = mean 
(C3, C4, Cz), P = mean (P3, P4), O = mean (O1, O2)]. Positive outputs expressed power 
values with relative anterior, while negative ones with relative posterior dominance at the 
given frequency bin and region. Statistical analyses included group comparisons by one-
way analyses of variance (ANOVA). These analyses were completed with the test of the 
stability of NREM sleep 8– 16 Hz EEG profiles, by calculating matrix correlations within 
and between-participants.  

Results: Study I: The comparisons of raw EEG power values by one-way ANOVA 
revealed WS-specific ranges of decreased power between the frequency limits of 9–13 
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Hz in almost all derivations. WS-dependent increases in power were observed at the 
vertex, at recording sites Cz (14.75–15.75 Hz) and C4 (15.25 Hz). Similar differences 
were reflected by the comparisons of z-scores, revealing WS-specific decreases and 
increases in lower (9.25–13 Hz) and higher (13.75–16 Hz) sigma ranges, respectively. 

The antero-posterior distribution of z-transformed power is characterized by a 
predominance of lower frequency scores at the anterior and a predominance of the higher 
frequency scores at the posterior sites. These tendencies covered the frontopolar-to-
parietal regions in TD participants and the frontopolar-to-central regions in WS 
participants This is supported by the visually observable differences in the peak 
frequencies of the group means of series Fp, F, C, P, and O (WS>TD), as well as by the 
cross-correlation functions of group means in series Fp–F, F–C and P–O, which reached 
their maxima at 1 Hz delay, suggesting a higher frequency of WS sleep spindling. 

Study II: WS participants had higher sleep latency, more wake time after sleep onset, 
lower sleep efficiency, higher NREM and slow wave sleep percent and lower REM sleep 
percent. Spectral analysis revealed significant alterations in band power values of WS 
participants: frontopolar increases in delta power as well as more or less global decreases 
in alpha, sigma, beta and gamma power. The z-scores of the 8–16 Hz NREM sleep EEG 
spectra were significantly different among the groups, revealing WS-specific decreases 
and increases in lower (8–11.75 Hz) and upper (13–16 Hz) sigma ranges, respectively. 

The antero-posterior distribution of the z-scores of 8–16 Hz NREM sleep EEG spectra is 
characterized by a predominance of lower frequency values at the anterior and a 
predominance of higher frequency values at the posterior sites. These tendencies covered 
the frontopolar-to-parietal regions in both WS and TD participants. The parieto-occipital 
z-score distribution was characterized by a predominance of higher sigma scores in the 
parietal as compared to the occipital derivations in both groups. The significant group 
differences in the antero-posterior z-score distributions are suggestive for higher anterior-
to-posterior differences at lower and higher frequencies in Fp–F and P–O series in WS 
participants in comparison with TD participants. Moreover, the higher frequency at 
which the antero-posterior shift occurs is evident in several series and supported by the 
maxima in the cross-correlation functions occurring at 0.5 Hz delay in series Fp-F & F-C. 

The reliability of the z-scores of the 8–16 Hz NREM sleep EEG spectra was tested by 
using matrix correlations. Mean within- and between participant correlations were 0.94 
and 0.61, respectively. Thus, 89% and 37% of the variance was explained by within- and 
between participant similarity, respectively. In other words the individual-specific 8–16 
Hz NREM sleep EEG profile explains somewhat more than 50% (89–37) of the variance. 
The difference between mean within- and between participant zF correlations was 
significant (z = 3.13; p = .0009, one-tailed). 

Conclusions: Our results provide evidence for the existence of a distinct phenotype of 
NREM sleep EEG 8–16 Hz activity found to be characteristic for WS. This phenotype is 
characterized by an increased frequency of sleep spindle activity and/or a redistribution 
of alpha/sigma activities toward the higher frequency end of the spectrum together with 
the characteristic reorganization of the frequency x topography relationship. The 25–28 
genes which are deleted in WS are among the candidates of regulators of sleep spindle 
frequency in particular and of shapers of the sleep EEG fingerprint in general. A 
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corroboration of our results with the compelling evidences suggesting that bursting 
thalamocortical oscillations are the neurophysiological bases of sleep spindling (Steriade, 
2000), these issues point to an accelerated NREM sleep-dependent thalamocortical 
oscillatory dynamics in WS. 
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Self-insight in Probabilistic Category Learning 

Kemény, Ferenc & Lukács, Ágnes 

Abstract: The Weather Prediction (WP) task is one of the most extensively used Probabilistic 
Category Learning tasks. Although usually treated as an implicit task, its implicit nature has been 
questioned with focus on structural knowledge of the acquired information. The goal of the current studies 
is to test if participants acquire explicit knowledge on the WP task. Experiment 1 addresses this question 
directly with a subjective measure of self-insight. Results from participants in the WP task are compared to 
performance and insight measures of a control group where cues and outcomes were randomly associated. 
Results show that the WP task cannot be considered an implicit learning task, since participants in the 
experimental group show more awareness in their decisions than control participants. Also, performance of 
the two groups only differs on trials where they gave explicit answers in the evaluations of self-insight. As 
there are studies suggesting that awareness on the WP task relies on strategy use, different strategies were 
also compared in terms of self-insight. Results showed that there were no consciousness-based differences 
between users of different strategies.  

 
Introduction: Implicit learning is generally defined as incidental learning of complex 
information with the inability to recall the content of learning (Meulemans, Van der 
Linden, & Perruchet, 1998). A number of different types of information may be 
considered as grounds for implicit learning. In general, sequence learning, statistical 
learning and categorization are mostly agreed to be within this domain. The Weather 
Prediction task (WP) is one of the most well-known and most commonly used 
probabilistic category learning tasks (Knowlton, Squire, & Gluck, 1994). In this task 
participants face one, two or three out of four possible cues, and their role is to decide 
whether there will be sunshine or rain. The cues are arbitrary cues that has no natural link 
to the outcomes: cues may be tarot cards (Knowlton et al., 1994), geometric shapes (Keri, 
Szlobodnyik, Benedek, Janka, & Gadoros, 2002), or nonsense drawings (Kemény & 
Lukács, 2009). Feedback is provided after each decision: usually the correct answer is 
revealed. This is the only information the participants get on the structure of the task. 
Unbeknownst of the participants, the four different cues lead to the outcomes with a 
different predictive value. The cues predict sunshine in 85,7%, 70%, 30% and 14,3%  of 
their appearances. Note that in all other cases (100 minus the provided values) cues are 
associated with rain (the predictive values provided are those of Kemény & Lukács, 
2010, also the current experiment uses these predictive values). Participants face four 
blocks of 50 trials, and their goal is to predict the weather as precisely as possible. 
Previous experiments showed that participants may reach a performance around 80% by 
Block 4. 

 
The WP task has been extensively used in neuropsychological studies. Early results 
showed that patients with Amnesia – a clinical group impaired on explicit/declarative 
functioning – show performance comparable to healthy controls in the early stages of the 
task, while in the later phases their performance starts to decay (Knowlton et al., 1994). 
At the same time, Parkinson’s patients – patients having deficits in their 
implicit/procedural system – are already below their peers in the early phases, and hardly 
differ from chance-level performance (Knowlton, Mangels, & Squire, 1996). These early 
neuropsychological results lead to a conclusion suggesting that the early phases of the 
task rely on the implicit/procedural system, while the later phases require sound 
explicit/declarative functioning. 
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Later studies testing found that healthy participants are in fact aware of their knowledge 
(Lagnado, Newell, Kahan, & Shanks, 2006; Newell, Lagnado, & Shanks, 2007): 
throughout the task participants are able to verbalize the cue-outcome contingencies, they 
are faster in learning to utilize the stronger cues, and they are aware of the fact that they 
should rely more on those. 
 
Two experiment by Price (2009) tested whether manipulations designed to disrupt 
implicit (Exp1) or explicit (Exp2) learning interferes with learning on the WP task. 
Results showed that (Exp1) delaying feedback – a manipulation that is expected to impair 
implicit and not to disturb explicit categorization (Maddox, Ashby, & Bohil, 2003; 
Maddox & Ing, 2005) – had no effect on the WP task performance. At the same time 
(Exp2), the disruption of feedback-processing – it should selectively impair explicit 
categorization (Maddox, Ashby, Ing, & Pickering, 2004) – had a serious detrimental 
effect on the WP task. Results by Lagnado et al (2006), Newell et al (2007) and Price 
(2009) all suggest that solving the WP task rely on explicit processes. 
 
The current study compares self-insight in the WP task. Self-insight is the ability to 
report access to the learnt information. According to Rosenthal (1986; 2005), a mental 
state may be conscious if we are conscious of being in that mental state. If we have a 
(higher order) thought on the mental state (Dienes & Scott, 2005), we do not only behave 
as if we had structural knowledge (this would be the first-order representation), but we 
also report to have and use it. In the current study, trial-by-trial subjective self-insight 
reports are collected. Participants are prompted after each decision whether their decision 
was based on guessing, intuition, some unidentifiable knowledge, memory or rule-
knowledge. Guessing, intuition, and unidentified knowledge are considered as implicit 
self-reports, while memory and rule-answers are considered as explicit answers. The 
method is adapted from Dienes and Scott (2005). 
 
There were two hypotheses regarding the implicit-vs-explicit nature of the WP task. The 
Implicit-first theory (Knowlton et al., 1994) suggests that early in the task participants 
provide more implicit answers, and their performance is higher for implicit decisions, 
while later they start to provide more explicit answers, and also higher performance 
associated with them. On the other hand, the Explicit-theory (Lagnado et al., 2006) 
suggests that there should be more explicit answers throughout the task, and 
categorization performance should only appear for decisions with explicit answers. 
 
Method: Participants. Altogether 56 people (26 female and 30 male) participated in 
Experiment 1. People were randomly assigned into either the Experimental or the Control 
condition, with 29 people participating in the former and 27 in the latter. The mean age of 
participants of Experiment 1 was 21.44 years (SD = 1.68 years). All participants were 
recruited from the Budapest University of Technology and Economics, and all people 
participated for credit points. 
Procedure. All participants completed a computerized version of the Weather Prediction 
task. In each item of the task participants faced 1, 2 or 3 out of four cues. Their goal was 
to predict whether there will be sunshine or rain. The cues were a square (Cue1), a 
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triangle (Cue2), a pentagon (Cue3) and a rhombus (Cue4). The icons of the two outcomes 
were also present: two slightly smaller icons appearing below the cues. If the participants 
predicted sunshine, they had to click on the SUN icon using a two-buttoned mouse, if 
their prediction was rain, they had to click on the RAIN icon. The cue (or cue-
combination) was present until the participant responded, and until the feedback was 
present. Immediately after response, a feedback was given: only the icon of the correct 
answer remained on screen with the cues. The feedback was presented for 1500 msec 
along with the cue(s), and then it disappeared. After feedback a question appeared: ‘How 
sure were you in your judgement?’. Below the question there was a continuous line with 
five statements above the line. The role of the participants was to click on the line below 
one of the statements. The five statements were the following (left to right): ‘I was 
guessing’, ‘Intuition’, ‘I think I knew it’, ‘I remembered the answer’ and ‘I know the 
rule’ (Since participants were native speakers of Hungarian, both the question and the 
five statements appeared in Hungarian). As soon as participants clicked on the line, the 
question disappeared, and a new item (cue or cue-combination) appeared for prediction. 
There were two conditions. The two conditions – Experimental and Control – differed on 
the predictive values of the cues. While in the case of the Experimental condition the cues 
and outcomes had a predictive structure, the link between cues and outcomes was at 
chance level in the Control condition. In the Experimental group, Cue1 (square) was 
associated with sunshine in 85.7% of its appearances, Cue2 (triangle) lead to sunshine in 
70% of all appearances, Cue 3 (pentagon) lead to rain in 70%, and Cue 4 (rhombus) was 
associated with rain in 85.7% of its appearances. Note that in the case of the remaining 
appearances the cue led to the other outcome: rain for cues 1 & 2 and sunshine for cues 3 
& 4. For both conditions there were four blocks, and each block contained 50 predictions. 
At the same time, in the control condition, in half of the appearances of each cue the 
outcome was sunshine, while for the other half the outcome was rain. Note that the 
structure of the task is identical to that used in Kemény and Lukács (2010), while the 
subjective measurement is adapted from Dienes and Scott (2005). 
 
Numerical results and performance analysis: Number of answers 
Self-insight measures were compared between the Experimental and the Control group 
on both the early and later phases. A 2 X 2 X 2 repeated-measures ANOVA was 
conducted with Phase (Early vs. Late) and Answer-type (Implicit vs. Explicit) as within-
subject variables, and Condition (Experimental vs. Control) as a between subject 
variable. Note, that data for Phase and Condition are invariant (there are 50 answers in 
each phase, and 100 answers in each condition), so, the main effect of Phase and 
Condition, and the Phase X Condition interaction are not applicable. The ANOVA 
revealed a significant Answer-type X Condition interaction, F(1, 42) = 16.267, p < 0.001, 
η2

p = 0.279, and a significant Phase X Answer-type interaction, F(1, 42) = 17.847, p < 
0.001, η2

p = 0.298. Neither the Answer-type main effect (p = 0.813), nor the Phase X 
Answer-type X Condition interaction (p = 0.140) was significant. The Answer-type X 
Condition interaction reflects that the number of implicit self-reports decrease from 
Block 1 to Block 4, while the number of Explicit self-reports increase. This increase in 
Explicit self-reports is numerously the same as the decrease in the Implicit self-reports, as 
the number of answers in each block is always 50. To further explore the Answer-type X 
Condition interaction, separate paired-sample t-tests were conducted for each Condition 
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with Answer-type as within-subject variable. The t-tests revealed that while for the 
Experimental condition the number of explicit answers were significantly higher, t(20) = 
- 2.459, p < 0.05, Control participants provided more implicit self-reports, t(22) = 3.307, 
p < 0.01. 

 
Categorization performance associated with Self-insight type by Condition and by Phase. 
So far we tested how participants’ self-insight differs by answer-type in early vs. later 
phases. In the next step, self-insight and performance are directly mapped onto each 
other.  The following ANOVA was conducted on the average categorization performance 
that was associated with a given category. A 2 X 2 X 2 repeated measures ANOVA was 
conducted with Phase (Early vs. Late) and Answer-type (Implicit vs. Explicit) as within-
subject variables and Condition (Experimental vs. Control) as a between subject variable. 
Results revealed that performance associated with explicit-type answers was higher, 
confirmed by a significant main effect of Answer-type, F(1, 42) = 49.304, p < 0.001, η2

p 
= 0.540. A significant main effect of Condition, F(1, 42) = 29.063, p < 0.001, η2

p = 0.408, 
revealed that the Experimental condition showed higher performance than the Control 
condition. There was also a significant Answer-type X Condition interaction, F(1, 42) = 
50.330, p < 0.001, η2

p = 0.545. No other main effects or interactions were significant (all 
ps > 0.195). To further explore the Answer-type X Condition interaction, data in the two 
phases was merged, and both performance with implicit answers and performance with 
explicit answers were compared between the two conditions. A multivariate ANOVA 
was used with implicit and explicit performance as dependent variables and Condition as 
between-subject variable. The MANOVA revealed that performance associated with 
explicit answers were significantly higher in the Experimental condition, F(1, 42) = 
64.892, p < 0.001, η2

p = 0.607, while there was no difference in performance associated 
with implicit answers, p = 0.517. 
 
Conclusions: Results showed that in general, participants of the Experimental 
condition gave more explicit self-reports than participants of the Control condition. This 
difference was already apparent in the early stages of the task. Results also showed that 
performance was only associated with items that were accompanied by an explicit self-
report, while in the case of implicit self-reports, performance was around chance level. 
These results lead to the assumption that the WP task relies on explicit processes already 
from the early phases of the task. This is in line with the Explicit hypothesis (Lagnado et 
al., 2006; Newell et al., 2007), while does not confirm the Implicit-first theory (Knowlton 
et al., 1996) 
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Increased readiness for adaptation and faster alternation rates 
under binocular rivalry in children 

Mariann Hudák, Patrícia Gerván, Björn Friedrich, Alexander Pastukhov, Jochen Braun 
and Ilona Kovács 

Abstract: Binocular rivalry in childhood has been poorly investigated in the past. Information is scarce 
with respect to infancy, and there is a complete lack of data on the development of binocular rivalry beyond 
the first 5–6 years of age. In this study, we are attempting to fill this gap by investigating the developmental 
trends in binocular rivalry in pre-puberty. We employ a classic behavioral paradigm with orthogonal 
gratings, and introduce novel statistical measures (after Pastukhov and Braun) to analyze the data. These 
novel measures provide a sensitive tool to estimate the impact of the history of perceptual dominance on 
future alternations. We found that the cumulative history of perceptual alternations has an impact on future 
percepts, and that this impact is significantly stronger and faster in children than in adults. Assessment of 
the “cumulative history” and its characteristic time-constant helps us to take a look at the adaptive states of 
the visual system under multi-stable perception, and brings us closer to establishing a possible 
developmental scenario of binocular rivalry: a greater and faster relative contribution of neural adaptation 
is found in children, and this increased readiness for adaption seems to be associated with faster alternation 
rates. 

Introduction: The phenomenon of binocular rivalry can be considered a binocular 
illusion. While there are two different static images projected on our retinas, we perceive 
a dynamic, spontaneously alternating image. This phenomenon might provide 
information on the normal working mechanisms of binocular vision. Binocular vision or 
stereopsis provides precise depth perception by aligning the two eyes’ views. Under the 
eye-specific stimulation of binocular rivalry, the mature visual system enters into a 
continuous fluctuation between two or more perceptual states, not yielding stereopsis. 
While cortical binocularity in humans seems to have a relatively abrupt onset (at around 
3.5 months) during ontogeny (Braddick et al., 1980; Petrig et al., 1981), driven by 
experience-dependent mechanisms (Kovacs et al., 2011), little is known about the onset 
time of binocular rivalry and its further development. With the support of TÁMOP, we 
investigated the dynamics of binocular rivalry in 9, 12 and 21 year-old populations 
(Hudak M, Gervan P, Friedrich B, Pastukhov A, Braun J, Kovacs I. (2011) Increased 
readiness for adaptation and faster alternation rates under binocular rivalry in children. 
Frontiers in Human Neuroscience. Vol 5(128)). According to our findings, children 
alternate and adapt more quickly, and show a stronger effect of adaptation than adults.  

Subjects: A total of 59 observers participated in the experiment: 9-year-olds (n=23; 
mean age=116.4 months; SD=4.6); 12-year-olds (n=19; mean age= 151.4 months; 
SD=4.4); 21-year-olds (n=17; mean age=249.1 months; SD=27.9). All subjects had 
normal or corrected-to-normal vision and were naive to the purpose of the experiment. 
Approval of the Budapest University of Technology and Economics (Faculty of 
Economics and Social Sciences) Ethical Board was obtained. Informed consent was 
obtained from adult participants or from the parent/caregiver of the child. Observers were 
not paid for their contribution. 
 

Procedure: The binocular rivalry stimulus consisted of two gratings presented 
dichoptically: radius, 3˚; spatial frequency 0.6 cycles/degree; contrast 50%. One grating 
was tilted leftward by 45˚ and the other rightward by 45˚. To minimize inter-block 
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effects, tilt for left and right eye was exchanged in every block, and grating-phase was 
changed by 180˚ in every second block (Fig. 1a). Data were collected in a normally lit, 
quiet room. Initially, subjects were provided anaglyph glasses and invited to view the 
computer screen with the rivalrous gratings. When asked about their percept, all subjects 
reported alternating percepts. After this introduction to the stimulus, observers reported 
their perceptual state continuously using a joystick. The joystick allowed them to report 
three different percepts (leftward tilt, rightward tilt and mixed), and in the case of 
dominant gratings with a particular tilt, the degree of dominance was indicated by the 
degree of movement. Dominant gratings were indicated by tilting the joystick in the 
corresponding direction, while subjects were asked to keep the joystick at the center in 
the case of a mixed percept. The experimental program recorded the joystick tilt at 50 Hz 
sampling frequency. The experiment comprised five blocks; each block lasted five 
minutes. Each block was followed by a one-minute interval, during which subjects were 
asked to rest. 
 
Numerical results and performance analysis: The t-test yielded a marginally 
significant difference in average dominance times (Tdom) between 9-year-olds and adults. 
Each percept tends to persist for a longer period in adults than in 9-year-old children. 
The cH value is significantly higher in 9-year-olds than adults, i.e., the length of the 
subsequent dominance period of a particular percept shows a higher correlation with the 
previous dominance time ratio of the other percept in 9-year-olds than in adults The time-
constant of the build-up of the adaptation (τH) produced significant differences both 
between 9-year-olds and adults as well as 12-year-olds and adults The τH value of adults 
is significantly higher than that of 9- and 12-year-old children. 

Discussion: Our results indicate that 9-year-old children are not exactly adult-like in 
terms of alternation rate which is a conventional measure of binocular rivalry. Children 
seem to have shorter average dominance times than adults. This is consistent with an 
earlier study by Kovacs and Eisenberg (2005) that showed that 4- to 5-year-old children 
are alternating very fast. Although the developmental curve is not complete yet, and there 
are several further age-groups to be tested, it can be concluded that the development of 
binocular rivalry, as measured by its most salient feature, is not complete by the end of 
the first decade in life. That draws a conspicuously slow developmental trajectory which 
is not supported by explanatory anatomical or physiological data yet. However, the two 
novel variables, introduced in this paper, and suggested by Pastukhov and Braun (2011), 
might add to the interpretation of our findings. We found that the cumulative history of 
perceptual alternations has an impact on future percepts, and that this impact is 
significantly stronger and faster in children than in adults. Although several factors might 
contribute to the temporal evolution of perceptual alternations under binocular rivalry, 
neural adaptation is one of the suspects to progressively destabilize the currently 
dominant appearance, limiting its duration (Kang and Blake, 2010; Nawrot and Blake, 
1989; Petersik, 2002; Wolfe, 1984). Neural adaptation, in this sense, has a causal role on 
dominance durations, and these durations should depend on dominance history: 
particularly long periods of dominance should be followed by particularly short periods, 
and vice versa. Although earlier studies have failed to show such negative correlations 
between past and future dominance periods (Borsellino et al., 1972; Fox and Herrmann, 
1967; Lehky, 1995; Walker, 1975), our results indicate the role of adaptation, and it 
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seems that a higher degree of adaptation results in faster alternation in the younger age-
groups.  
 
Conclusions:  Children seem to have shorter average dominance times than 
adults. Our finding that dominance durations are more correlated with prior history in 
children than in adults, implies a greater relative contribution of neural adaptation in 
children. 
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Probing the neural representation of faces by steady-state 
visual-evoked potentials 

Pál Vakli, Kornél Németh, Márta Zimmer, Gyula Kovács 
 

Abstract: When the visual system is confronted with a stimulus flickering at a given frequency, an 
electrical response that oscillates at the same specific frequency can be recorded from the human scalp. 
This response, called steady-state visual evoked potential (SSVEP) has been widely used in studies 
investigating the sensitivity of the visual system to low-level features. A recent study has shown that 
SSVEPs can also be evoked by more complex stimuli, such as faces, and that the repetition of the same 
face results in the habituation of this response when compared to a condition in which faces of different 
identities are presented (Rossion & Boremanse, 2011, Journal of Vision, 11, 1-21). This can be taken as 
evidence that the neural generators underlying SSVEP response play an important role in the individuation 
of faces. Our aim was to investigate whether the SSVEP response is indeed a genuine marker of identity-
specific processing by examining its sensitivity to changes of (1) orientation, (2) viewpoint, (3) emotion 
and (4) facial structure. While our results suggest that the observed SSVEP adaptation is invariant to the 
facial expression and structure changes it clearly shows that both 2D orientation and 3D viewpoint changes 
interrupt its effect. The results of this study are discussed in relation to previous electrophysiological and 
functional imaging evidence regarding the various steps of neural representation of faces. 
 

Introduction: A visual stimulus flickering at a given frequency evokes an electrical 
brain response – the steady-state visual-evoked potential (SSVEP) – that oscillates at the 
same specific frequency. Although this method is not novel in vision research, SSVEPs 
have only recently been applied to investigate the neural representation of complex visual 
objects, such as faces. A recent study by Rossion & Boremanse (2011) has shown that 
repeating the same face at a given frequency reduces the amplitude of the steady-state 
potential over the posterior region of the right hemisphere compared to a condition in 
which different identity faces are presented. This result implies that the faces-evoked 
SSVEP originates from a higher level visual area, where individual face representations 
are formed. This raises the possibility that at this level of the visual system, individual 
faces are represented independently of the changeable aspects of the face, such as 
orientation, viewpoint and emotional expression. In the present study, we intended to 
investigate this possibility. We reasoned that if the SSVEP reflects the activation of face 
representations independently of orientation, viewpoint and expression, then changes in 
these properties should not result in a release of adaptation, as it was observed in the case 
of identity change. We also aimed to examine the nature of the underlying face 
representations by inducing systematic distortions (expansions and contractions) in the 
face images. 
 
Methods: Seven full-front male face images were generated with FaceGen Modeller 
3.5 (Singular Inversions Inc.). Grayscale versions of the images were used in the Same 
Identity and Different Identity conditions. The images subtended a visual angle of 4,1° x 
5,4° and were equalized in luminance. The same seven faces were used in all the other 
conditions with the following modifications: in plane rotation of the face, ranging from -
30° to +30° in steps of 10° (Orientation); rotation of the face in depth, ranging from 0° to 
60° left in steps of 10° (Viewpoint); changes in facial expression corresponding to the six 
basic emotions (happy, angry, sad, fearful, disgusted, surprised), besides the neutral 
expression of the face (Expression). For the Shape condition, distortions ranging from -
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30% expansions to +30% contractions in steps of 10% were created with Adobe 
Photoshop CS3 Extended 10.0 (Adobe Systems Inc.) Pinch option. This manipulation 
affected the shape of the elements of the face as well as the exact spatial distance among 
them. 
 
A sinusoidal stimulation was applied, with the fundamental stimulation frequency being 
4Hz. In the Same Identity condition, the same face, chosen randomly from the seven 
identities was presented continuously. In the Different Identity condition, the seven faces 
were presented in a random order. These two conditions were repeated with the faces 
turned upside-down (Inverted Same and Different Identity conditions). In the rest of the 
conditions, the same face (chosen randomly from the seven identities) was repeated with 
one aspect of the face changing continuously: orientation, viewpoint, expression and 
shape (see above). Thus, there were eight conditions in total, with the order of the 
conditions being randomized across participants. Face size changed randomly between 
82% and 118% of base face size at each presentation. The conditions lasted 90 seconds, 
and there was only one run for each. Participants (N = 13) were instructed to fixate a 
black cross placed on the bridge of the nose and detect brief color changes by pressing a 
button. All software was written in MATLAB 7.6 (MathWorks Inc.) using PsychToolbox 
3.0.9 for Windows. 
 
EEG was recorded via 64 electrodes (Ag/AgCl) placed according to the international 
10/20 system (ground: forehead, reference: averaged earlobes, impedance kept below 5 
kΩ, sampling rate: 1024 Hz). Vertical and horizontal eye movements were monitored 
with two electrodes placed in the outer canthi of the eyes and a third one on the 
infraorbital ridge of the right eye. The EEG was re-referenced to a common average in 
each condition for each participant after band-pass filtering at 0.5- to 100-Hz. EEG was 
segmented offline (Vision Analyzer 1.05, Brain Products GmbH) into 60-s long 
stimulation windows starting 30 seconds after the beginning of the stimulation for each 
condition. After applying a Fast Fourier Transform (FFT) algorithm to the stimulation 
windows, EEG power at the 4 Hz fundamental stimulation frequency (the steady-state 
response) was extracted at all the electrodes for each participant. Statistical comparisons 
between the conditions of interest were made at each individual electrode using two-
tailed paired-sample t-tests. Differences were accepted only if they concerned three 
contiguous electrode sites (p < 0.05). 
 
Numerical results and performance analysis: Statistical comparison of the 
Same and Different Identity conditions revealed a cluster of 4 contiguous electrodes over 
the right hemisphere posterior scalp region (PO4, PO8, PO10, P8) in which the steady-
state response was larger in the Different Identity condition than in the Same Identity 
condition. A significant difference in the steady-state response was also observed in a 
cluster of several central electrode sites (Fz, FC1, FCz, FC2, C3, C1, Cz, C2, CP3, CP1, 
CPz, P3, P1, Pz, P2). In case of inverted faces, the statistical analysis revealed a 
significantly larger response in the Different identity than in the Same Identity condition 
with a somewhat different topographical distribution over the right hemisphere (PO10, 
P10, TP8) and the central region (CP3, CP1, CPz, CP2).  
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Based on the results obtained in the upright Same and Different Identity conditions, a 
region of interest consisting of five right hemisphere electrode sites (PO4, PO8, PO10, 
P8, P10) was defined. Statistical comparison of the upright Same and Different Identity 
conditions as well as the remaining upright conditions (Orientation, Viewpoint, 
Expression and Shape) were conducted using a two-way analysis of variance (ANOVA) 
with Condition (6) and Electrode (5) as factors. The ANOVA yielded a significant main 
effect of Condition (F (5, 60) = 2.783; p = 0.025). The main effect of Electrode (F (4, 48) 
= 2.278; p = 0.076) and the interaction (F (20, 240) = 1.397; p = 0.124) were not 
significant. Post-hoc tests (Fisher’s Least Significant Difference Test; LSD) showed a 
larger response in the Different than in the Same Identity conditions (p = 0.004), 
indicating a release of adaptation in case of identity change. There was also a 
significantly larger response in the Orientation (p = 0.013) and Viewpoint (p = 0.040) 
conditions compared to the Same Identity condition, showing that a release of adaptation 
occurred, even though the identity in these conditions was kept constant. Steady-state 
response in the Expression (p = 0.405) and Shape (p = 0.472) conditions did not differ 
significantly from the Same identity condition, indicating that neural adaptation took 
place in these conditions.   
 
Conclusions: In this study, we showed that the neural generator underlying the face-
evoked steady-state potential is sensitive to the identity of the face, a result which 
corroborates the previous findings of Rossion & Boremanse (2011). In case of inverted 
faces, a similar difference was observed albeit with a different spatial distribution, which 
is in line with the widely held assumption that upright and inverted faces are coded by 
distinct mechanisms. In addition, we observed a release of adaptation when, identity 
being constant, the orientation or the viewpoint of the face changed continuously. This 
finding argues against the role of high level visual areas in generating the steady-state 
response to faces. On the other hand, adaptation appeared, to a great extent, invariant to 
changes in expression and shape of the local elements, a result which rather underlines 
the role of higher level visual areas. It is possible that the steady-state response reflects 
and identity specific component, but this component is not invariant to orientation and 
viewpoint. Alternatively, there might be an identity-specific component that is invariant 
to orientation and viewpoint, and another component, that is specific to these properties, 
and the steady-state response could reflect the activity of both of these components. 
Further investigation is needed in order to determine the orientation- and viewpoint-
tuning of the underlying processing sites by systematically changing the difference 
between the consecutively presented faces in separate conditions.  
 
Acknowledgement: The work reported in the paper has been developed in the 
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1. A brief description of the Doctoral School of mathematics and 
theoretical computer science 

The Doctoral School supervises the PhD activities in mathematics and theoretical 
computer science for the Budapest University of Technology and Economics (BME). The 
Doctoral School is based on six university departments (Department of Algebra, 
Department of Analysis, Department of Differential Equations, Department of Geometry 
and Department of Stochastics within the Mathematical Institute of the Faculty of Natural 
Sciences of BME, and Department of Computer Science and Information Theory within 
the Faculty of Electrical Engineering and Informatics of BME) with close cooperation of 
two research institutes of the Hungarian Academy of Sciences (Computer and 
Automation Research Institute and the Alfréd Rényi Institute of Mathematics). 

 
Every year some 6 to 8 young people with MSc degree in mathematics, applied 
mathematics or informatics enter the doctoral school, with a three year scholarship of the 
Hungarian state. Occasionally we have some foreign nationals as well, their tuition is 
usually covered by international or bilateral funds. Hence the total number of doctoral 
students is around 20-24 in the average. 

 
The doctoral school was established in 1994. Since that time more than 40 students have 
successfully defended their PhD theses and have been awarded with the degree. 

 
Further details can be found at the home page of the Doctoral School, see 
http://doktori.math.bme.hu/ 

 

2. Research and development projects supported by TÁMOP-4.2.2/B-
10/1-2010-0009 

 
The main areas supported by the TÁMOP-4.2.2/B-10/1-2010-0009 are the following:  

• Inference on stochastic interacting and long memory systems 
• Development of stochastic behavior in deterministic dynamics and its consequences 
• Qualitative and numerical study of differential equations 
• Study of algorithms and structures 
• Studies in operations research 

Significant new results have been found in several areas of the above research fields, including 
algebraic structures, representation theory, algebraic geometry, mathematical linguistics, set 
theory and logics, functional analysis, quantum information theory, operator theory, inverse 
problems, mathematical foundation of quantum physics, operations research, linear and stochastic 
programming, optimization, dynamical systems, population dynamics, hyperbolic PDE’s, discrete 
and convex geometry, Yang-Mills field theory, differential and integral geometry, stochastic 
processes, percolation theory, mathematical statistic physics, random matrices, geometric 
measure theory, information theory, theory of algorithms, combinatorial optimization, graph 
theory. 
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2.1 Applications of GPGPU 

The research projects requires analytical mathematical methods and computer simulations too. To 
decide whether a mathematical model fits to the experimented data set or not needs simulation. 
These simulations in general can be optimized for parallel processors based supercomputers. 
Another crucial part of the mathematical modeling is the parameter estimation, which parameters 
are built in the mathematical model. The dimension of the parameter space can be so high, that 
the average PCs  cannot handle the estimation process in reasonable time. 
 
 
3. PhD papers  

Paper 1: Illés Tibor, Lovics Gábor: Multiobjective Optimization and Application 

Paper 2: András Szántó:Quasi-orthogonal decomposition of Matrix algebras 

Paper 3: Ágnes Tóth: On the asymptotic values of the independence ratio and the Hall 
ratio for different graph powers 

Paper 4: András Némedy Varga: The system of two falling balls: results and perspectives 
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Multiobjective Optimization and Application 

Illés Tibor, Lovics Gábor  

 

Abstract  
 In economic and engineering application of mathematics sometimes we need to optimize more 
than one goal at the same time. In this type of problems we need to find solutions, where one of the goals 
can not be improved without worsen the other. These solutions are called Pareto-optimal solutions, and in 
since 1950’s such methods are known that compute one of the Pareto-optimal solutions. Recently such 
algorithm has been developed for some special multiobjective optimization problems that try to 
approximate the whole set of the Pareto-optimal solutions at the same time. Here we give a generalization 
of method which approximate the Pareto-optimal set for unconstrained problems. Our new version of 
algorithm can handle linearly constrained multiobjective optimization problem, where all objective 
functions are differentiable convex function.           

 

Introduction  

For multiobjective optimization problems with linear constarints we try find 
solutions, where one of the goal can not be improved without worsen the other. These 
solutions called Pareto-optimal solutions. 

For some unconstrained multiobjective optimization problems there are 
algorithms useful for approximating Pareto-efficient solution set. Many multiobjective 
optimization problems naturally have constraints, so we extend and generalize the 
algorithm of O. Schütze at. all. for approximating Pareto-efficient set. 

 

Basic definitions and results in multiobjective optimization 

 Let F ¿ℜ
n

 and F :  F →ℜ
k

 function, then in general the multiobjective 
optimization problem can be defined as 

MIN F ( x )

x ∈F
¿}¿

¿(GMOP )¿

. 

We call this problem convex mulitobjective optimization problem if function F and set 
F are convex. 

Definition: Let a (GMOP )  problem be given. We say that xℜ¿F  is a Pareto-optimal 
solution if does not exist feasible solution x  ∈F  which satisfies the F ( x )≤ F ( xℜ) , 
F ( x )≠ F ( xℜ)  vector inequality. 

To find a Pareto-optimal solution we can define the following weighted optimization 
problem for a given w vector 
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min w
T

F ( x )

x∈F
¿}¿

¿(WOP )¿

, 

 where w≥ 0 , e
T

w= 1  ( e
T
= (1,1 ,�,1) ) . 

The optimal solution of (WOP )  is Pareto-optimal solution of  (GMOP )  and if the 
(GMOP )  is convex then every Pareto-optimal solution can be found with the 
appropriate w vector. 

Definition: Let a (GMOP )  and a x  ∈F  feasible point and a v∈ℜ
n

,  be given. Vector 
v  is called joint decreasing direction from point x  if  v  is a decreasing direction for 
every coordinate function of F . Vector v  is called to feasible joint decreasing direction 
if it is a joint decreasing and a feasible direction too. 

We note that, if F  is differentiable and J ( x )  denotes the Jacobian-matrix of F at a 
point x , than v  ∈ℜ

n
 is a joint decreasing direction if and only if [ J ( x ) ]v<0 . From 

now on, we always assume that F  is differentiable. 

 

Results for unconstrained vector optimization 

Let we assume that now, F= ℜ
n

 we denote this type of problem (UMOP). For 
any given multiobjective optimization problem it is known that using a special quadratic 
optimization problem, either find a joint decreasing direction can be computed for a 
vector x  or we can prove that x  is a Pareto-optimal solution.  

First we show that the quadratic optimization problem can be replaced by a linear 
optimization one. be an unconstrained multiobjective optimization problem and x  ∈ℜ

n
 

be given. We define the following linear optimization problem 

max
q ,q0

q0

[ J ( x ) ]q+q0e≤ 0

0≤ q0≤ 1
¿}¿}¿

¿( LP ( x ))¿

. 

Now we are ready to state a theorem that discus the connection between (UMOP) and 
( LP ( x )) . 

Theorem: Let a (UMOP) and an associated ( LP ( x ))  at x∈ℜ
n

 be given. Than the 
( LP ( x ))  always has an optimal solution (q*,q0ℜ) . There are two possibilities for the 

optimal value of the ( LP ( x )) , either  q0= 0  thus x  is a Pareto-optimal solution of the 

(UMOP), or q0= 1 thus 
qℜ¿

¿  is a joint decreasing direction for the function F at point 
x . 
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Multiobjective optimization with linear constraint 

Now we are ready to show how we can find feasible joint decreasing direction for 
a linearly constrained multiobjective optimization problem. First we find the feasible 
joint decreasing direction for a special problem with sign constrained variables. The 
problem and its generalization can be solved using the well known reduced gradient 
method. 

Let we define the following special linearly constrained multiobjective 
optimization problem: 

MIN F ( x )

x≥ 0
¿}¿

¿( SMOP )¿

. 

 

 Let an x≥ 0  point be given for a (SMOP ) , then we define the following two 

sets of indices: I 0= {iℜx
i
= 0}, I+= {iℜx

i
>0} .  We can partition the column vectors of the 

J ( x ) matrix using those index sets and we can denote the sub matrices by 
[ J ( x ) ]

I 0
, [ J ( x ) ]I

+ . We can define now a linear optimization problem to find feasible 
joint decreasing direction: 

max
u , v , z

z

[ J ( x ) ]
I

+
u+[ J ( x )]I 0

v+ ze≤ 0

v≥ 0
0≤ z≤ 1
¿}¿}¿}¿

¿( LPC ( x ))¿

. 

Now we are ready to state a theorem that preside a connection between (SMOP) 
and ( LPC ( x )) . 

 

Theorem: Let a (SMOP ) , and an associated ( LPC ( x ))  be given in x  ∈F  feasible 
point. Then the ( LPC ( x )) always has an optimal solution (u*,v *, zℜ) . There are two 
possibilities for the optimal value of the ( LPC ( x )) , it can be 0 which means that x  is a 

Pareto-optimal solution of the (SMOP ) , or can be 1 which means that 

¿
uℜ

vℜ¿
¿

q= ¿
¿

 is a 

feasible joint decreasing direction for the given function F. 

 Using the joint feasible decreasing direction computed from ( LPC ( x ))  we can 
generalize the algorithm of Oliver Schütze at all. To approximate the Pareto optimal set 
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of the (SMOP). Further extension to linearly constrained (MOP) ha been developed too.  
Practical applicability of the new algorithm has tested on (MOP) version of the 
Markowitz portfolio optimization problem.  
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Quasi-orthogonal decomposition of Matrix algebras 

András Szántó 

 

Abstract  

The problems discussed here have arisen when some special measurement settings were considered. In one 
setting only one subsystem of a composite system can be measured. If one allows some interactions 
applied, measuring the subsystem again and again, after some well chosen interactions the full state can 
indeed be revealed. The natural question is what is the minimal number of such interactions? The question 
can be reformulated in terms of subalgebras of the full matrix algebra. Some optimality results suggest 
restricting the choice to pairwise quasi-orthogonal subalgebras. Along with some general results, all 
decompositions of the algebra of 4x4 matrices is given. 

 In the other setting, some parameters of the system are already known, and the question is what is 
the optimal measurement. Generalizing the work of Scott [6] we introduce the term Conditional SIC-
POVM. Some constructions of such POVMs are obtained. 

 

Introduction:  

Measurement of a quantum system is of a stochastic nature, and destroys the original 
quantum state, so a common method of state determination is to prepare and measure 
multiple copies of the system, and from these measurements a statistic can be formed. 
There is a vast literature of such state determination processes, but the special problems 
we consider here are relatively new. 

 The setting for quantum mechanics is a Hilbert space. Positive matrices of trace 
one represent the states of the system (Here we consider only the finite dimensional 
case), and composite systems can be modeled via the tensor product of the associated 
Hilbert spaces. A von Neumann type measurement can be represented with an 
orthonormal basis of the Hilbert space, which is equivalent to a maximal abelian 
subalgebra (MASA) generated by the matrices diagonal in the basis. 

 Two von Neumann measurements are complementary or mutually unbiased [7], if 
they are statistically independent: the information gained from one is not overlapping 
with the information gained from the other. 

 If one represents von Neumann measurements with orthonormal bases, then the 
condition is that any choice of basis vectors from different bases have the same constant 
scalar product, and this constant depends only on the dimension of the system. In the 
MASA representation, the condition is a special kind of orthogonality. While two 
subalgebras cannot be orthogonal, since each contains the identity, quasi-orthogonality, 
that is the orthogonality of the traceless matrices of the subalgebras can be achieved, and 
indeed this is equivalent to complementarity. Measurement schemes based mutually 
unbiased bases are found to be optimal in some sense [6,7]. 

 Let us assume now, that only a subsystem of a composite system can be 
measured. Complete state determination can only be achieved this way, if interactions on 
the system are allowed: after determining the state of the subsystem with conventional 
means, one turns on an interaction on the composite system, and starts measuring the 
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subsystem again [5]. In this scheme, such interactions are equivalent to subalgebras, each 
isomorphic to the subalgebra of the original subsystem. The optimality argument on von 
Neumann measurements suggest, that for an optimal state determination scheme one 
should consider pairwise quasi-orthogonal subsystems. Heuristically, a decomposition of 
a matrix algebra to MASAs and subsystems, all pairwise quasi-orthogonal means a 
decomposition of the information contained in the system to blocks of classical and 
quantum information. 

 Another related and interesting measurement question is what is the optimal 
measurement in the case some of the parameters of the state to be determined are already 
known. In this case instead of von Neumann measurements the more general class of 
positive operator valued measurements (POVM) are considered. A POVM is a set of 
positive matrices, which sum up to the identity. An informationally complete(IC) POVM 
is one such that the matrices span the whole space. This is required for complete state 
determination. Scott showed [6], that an IC-POVM is optimal, if it is consisting of rank 
one matrices which are symmetric (therefore they are called SIC-POVM) in the sense 
that the trace of the product of any two distinct matrices is constant, and depends only on 
the dimension of the system. The problem of constructing SIC-POVMs in any dimension 
is an open problem, but it is conjectured, that it can be done, and analytical constructions 
are already available in low dimensions. Following the proof of Scott one can show, that 
the optimal measurement in our problem have the same conditions as a SIC-POVM, 
except it has to be complete only on the space related to the unknown parameters, and has 
to be quasi-orthogonal to the space of the known parameters [1]. We call such a 
measuremen Conditional SIC-POVM. 

 

General results on quasi-orthogonality  

We are interested in decomposition of a matrix algebra M� to pairwise quasi-orthogonal 
subalgebras. The case of all the subalgebras being MASAs is an actively researched open 
question in general. A dimension counting argument shows, that the maximal number of 
such subalgebras is k+1. Maximal constructions in prime power dimensions are known, 
and it is conjectured, that it cannot be achieved in dimensions other than that.  

 An important tool in the MASA case is that any two complementary MASA are 
related by a conjugation with a normalized Hadamard matrix. A similar result in the case 
of subsystems of M� ⊗ M� is that any two quasi-orthogonal subsystems are related by a 
conjugation with a unitary of special structure. If the unitary is described as a block 
matrix, then the blocks must form an orthogonal basis [4]. 

 For analyzing the quasi-orthogonality relation between a MASA and a subsystem, 
it is an important result, that the MASA must be quasi-orthogonal to the commutant 
(matrices from the matrix algebra that commutes with all the matrices from the 
subalgebra) of the subsystem also. 

 For some further general results the reader is referred to [9]. Constructions of 
decompositions to subsystems in odd prime power dimensions are given by Ohno [8]. 
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Decomposition of M₂ ₂ ₂ ₂ ⊗ ⊗ ⊗ ⊗ M₂₂₂₂  

Because of the special symmetries of the algebra, all the quasi-orthogonal 
decompositions of  M₂ ⊗ M₂ can be described [3,4]. In this special case if a subsystem is 
complementary with another, then its intersection with the commutant of the other one 
cannot be trivial. Therefore by simple dimension counting it can be proved, that the 
number of subsystems in a full decomposition must be 0, 2 or 4, and constructions are 
given in these cases. In the case of 4 subsystems, their orthogonal complement must be a 
MASA, and any choice of three complementary subsystems fixes the fourth one. 

 

Conditional SIC-POVM  

Considering the above results, intuition suggest, that among cases of conditional state 
determination, the ones where the known information corresponds to some kind of 
subalgebra should be of special interest. If the known information can be described by a 
MASA (that is the diagonal elements of the matrix describing the state are known) and 
the dimension is a prime power plus one, we provide a construction of a conditional 
POVM. 

 

Conclusions  

Generalizing the concept of mutually unbiased measurements to subalgebras 
corresponding to subsystems has led to a rich and interesting theory of quasi-orthogonal 
decompositions. Along with general results we provide all such decompositions of the 4 
by 4 matrix algebra. The related question of conditional measurements are also studied, 
and constructions in special cases were achieved. 
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On the asymptotic values of the independence ratio and 

the Hall-ratio for different graph powers 

Ágnes Tóth 

 

Abstract  

In this paper we discuss recent results on the asymptotic values of two coloring-related graph parameters 
for different graph powers. These two parameters are the independence ratio and the Hall-ratio of a graph. 
We investigate their asymptotic value for the normal, co-normal, categorical, lexicographic and Cartesian 
graph powers. 

 

Introduction  

Several graph parameters show an interesting behaviour when they are investigated for 
different powers of graphs. One of the most famous examples of such behaviour is that of 
the Shannon capacity of graphs (introduced by Shannon [1], see Körner and Orlitsky [2] 
for a survey of related topics) which is the theoretical upper limit of channel capacity for 
error-free coding in information theory. This graph parameter is defined as the 
normalized limit of the independence number under the so-called normal power and its 
exact value is not known even for small, simple graphs (for example odd cycles with 
length more than five). 

The normalized asymptotic value of the chromatic number with respect to the normal 
power is the Witsenhausen rate. It is introduced by Witsenhausen in [3], where its 
information theoretic relevance is also explained. If we investigate the chromatic number 
for the so-called co-normal power we get the fractional chromatic number as the 
corresponding limit by a famous theorem of McEliece and Posner [4]. 

Similar questions arise when investigating the independence ratio and the Hall-ratio of a 
graph. In this paper we survey the recent results on the asymptotic values of these two 
graph parameters. 

 

The ultimate categorical independence ratio  

The independence ratio of a graph is defined as the ratio of the independence number and 
the number of vertices. The k-th categorical power of a graph is defined on the k-length 
sequences over the vertex set of the original graph and we connect two sequences if their 
elements at every coordinate form an edge in the original graph. 

Brown, Nowakowski and Rall [5] considered the asymptotic value of the independence 
ratio for the categorical power. The ultimate categorical independence ratio of a graph is 
defined as the limit of the independence ratio of the k-th categorical power of the graph 
as k approaches infinity.  
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This parameter was also investigated by Alon and Lubetzky [6]. Based on the lower 
bounds proven in [5] they settled a relatively easy general lower bound for the parameter, 
and asked whether this bound always coincides with the ultimate categorical 
independence ratio. 

Recently the author [7] answered this question affirmatively, obtaining a nice formula for 
the asymptotic value of the independence ratio for the categorical graph power. The result 
also settles several open problems related to this concept. For instance, we obtain a 
solution for the conjecture of Brown, Nowakowski and Rall, stating that the ultimate 
categorical independence ratio of the disjoint union of two graphs is the maximum of the 
value of the parameter for the two graphs. 

In the proofs the author exploits an idea of Zhu [8] that he used on the way when proving 
the fractional version of Hedetniemi's conjecture. 

 

On the asymptotic value of the Hall-ratio  

The Hall-ratio is closely related to the independence ratio, this parameter is the ratio of 
the number of vertices and the independence number maximized over all subgraphs of 
the graph. It was introduced in [9,10] motivated by problems of list colouring. The 
asymptotic values of the Hall-ratio for different graph powers were investigated by 
Simonyi [11]. He considered the (appropriately normalized) asymptotic values of the 
Hall-ratio for the exponentiations called normal, co-normal, lexicographic and 
categorical, respectively. 

All the above graph powers of the graph are defined on the k-length sequences over the 
vertex set of the original graph. In the normal power two sequences are adjacent if and 
only if their elements at every coordinate are either equal or form an edge in the graph. In 
the co-normal power two such sequences are connected if and only if there is some 
coordinate where the corresponding elements of the two sequences form an edge of the 
graph. 

Considering for normal and co-normal power Simonyi [11] proved that the corresponding 
limit equals to the similar limit one obtains for the chromatic number. 

In the lexicographic power two sequences of the original vertices are adjacent if and only 
if they are adjacent in the first coordinate where they differ. 

Recently, the author proved that the asymptotic value of the Hall-ratio with respect to 
both the categorical power and the lexicographic power is equal to the fractional 
chromatic number [12,13], proving the conjectures of Simonyi. 

For the categorical power the key idea was the mentioned result of Zhu [8], as in the case 
of the independence ratio. 
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The asymptotic value of the independence ratio for further graph 
powers  

One can also investigate the asymptotic value of the independence number for the 
normal, co-normal and lexicographic power. The normalized asymptotic value of the 
independence number for the normal product is the well-studied graph parameter, the 
Shannon-capacity. So the asymptotic value for the independence ratio, equals to the ratio 
of the Shannon-capacity and the number of vertices. The analogous asymptotic value for 
the co-normal and lexicographic power equals to the independence ratio of the original 
graph, because the independence number for both of these products are multiplicative. 

 

Asymptotic values of the independence ratio and the Hall-ratio for the 
Cartesian power  

The asymptotic value for the independence ratio and the Hall-ratio for the Cartesian 
product are closely related. The Cartesian power is defined on the vertex sequences of the 
original graph and two such sequences form an edge if and only if they differ at exactly 
one place and at that place the corresponding coordinates form an edge of the original 
graph. 

The ultimate Cartesian independence ratio introduced in [14], and it was studied in [15]. 
The ultimate Cartesian Hall-ratio was introduced by Simonyi in [11]. He showed (based 
on a result of Hahn, Hell and Poljak [15]) that for every graph these two parameters are 
the reciprocal of each other. 

 

References: 

[1] Claude E. Shannon, The zero-capacity of a noisy channel, IRE Trans. Inform. Theory, 
2 (1956), 8-19., reprinted in: Key Papers in the Development of Information Theory (D. 
Slepian ed.), IEEE Press, New York, 1974. 

[2] J. Körner, A. Orlitsky, Zero-error information theory, IEEE Trans. Inform. Theory 44 
(1998), 2207-2229. 

[3] H. S. Witsenhausen, The zero-error side-information problem and chromatic 

numbers, IEEE Trans. Inform. Theory 22 (1976), 592-593. 

[4] R. J. McEliece, E. C. Posner, Hide and seek, data storage, and entropy, Ann. Math. 
Statist. 42 (1971), 1706-1716. 

[5] J. I. Brown, R. J. Nowakowski, D. Rall, The ultimate categorical independence ratio 

of a graph, SIAM J. Discrete Math. 9 (1996), 290-300. 

[6] N. Alon, E. Lubetzky, Independent sets in tensor graph powers, J. Graph Theory 54 
(2007), 73-87. 

[7] Á. Tóth, Answer to a question of Alon and Lubetzky about the ultimate categorical 

independence ratio, submitted to J. Combin. Theory Ser. B. 

BME 2012 | Proceedings of PhD Workshops

217



  

[8] X. Zhu, Fractional Hedetniemi's conjecture is true, European J. Combin. 32 (2011), 
1168-1175. 

[9] M. Cropper, A. Gyárfás, J. Lehel, Hall-ratio of the Mycielski graphs, Discrete Math. 
306 (2006), 1988-1990. 

[10] M. Cropper, M. S. Jacobson, A. Gyárfás, J. Lehel, The Hall ratio of graphs and 

hypergraphs, Les cahiers du Laboratoire Leibniz, Grenoble 17 (2000). 

[11] G. Simonyi, Asymptotic values of the Hall-ratio for graph powers, Discrete Math. 
306 (2006), 2593--2601. 

[12] Á. Tóth, On the ultimate lexicographic Hall-ratio, Discrete Math. 309 (2009), 3992-
3997. 

[13] Á. Tóth, On the ultimate direct Hall-ratio, submitted to Graphs Combin. 

[14] P. Hell, X. Yu, H. S. Zhou, Independence ratios of graph powers, Discrete Math. 27 
(1994), 213-220. 

[15] G. Hahn, P. Hell, S. Poljak, On the ultimate independence ratio of a graph, 
European J. Combin. 16 (1995), 253-261. 

 

Acknowledgement  

The work reported in the paper has been developed in the framework of the project 
"Talent care and cultivation in the scientific workshops of BME" project. This project is 
supported by the grant TÁMOP - 4.2.2.B-10/1-2010-0009. 

 

 

 
 

 

 

 

 

 

 

 

 

 

 

BME 2012 | Proceedings of PhD Workshops

218



  

The system of two falling balls: results and perspectives 
 

András Némedy Varga 
Joint work with Péter Bálint and Gábor Borbély 

 
Abstract  
The model of two falling balls is the dynamical system of two point masses that move along a vertical half-
line subject to constant gravitational force and ellastic collisions with each other and the floor. In the 
present note we describe, on the one hand, mathematical results concerning the ergodic  properties of this 
model. These include hyperbolicity and ergodicity, dating back to the nineties, and much more recently on 
the statistical behaviour  - polynomial decay of correlations and central limit theorem - in this dynamical 
system, proved for an open set of the external parameter (the relative mass of the lower ball) in our paper 
[BBNV]. On the other hand, we also report on some ongoing work about possible extensions of the good 
set of the external parameter and the case of continuous time dynamics. 
 
Introduction  
The dynamics of intermittent dynamical systems, which are popular models for 
describing a wide range of physical phenomena, are characterized by the alternation of 
strongly chaotic and regular patterns. From the viewpoint of applications it is important 
to understand finer statistical properties of such models, in particular, the rate of the 
decay of correlations, and statistical limit laws (standard vs. non-standard limit 
theorems). 
In the present document we give a brief description of a billiard type model with 
intermittent behavior. The system of two falling balls, introduced by Wojtkowski [W], 
describes the motion of two point particles of mass m1 and m2 that move along the 
vertical half-line, subject to constant gravitational force, and collide elastically with each 
other and the floor. We consider the case when the lower ball is heavier (i.e. m1 > m2) 
which corresponds to ergodic and hyperbolic dynamics; while the regular component of 
intermittency is related to arbitrary long series of bounces of the lower ball on the floor 
before hitting the upper ball. We state our already existing results on this model, namely 
that in discrete time correlations decay, modulo logarithmic factors, as O(1/n

2). This rate 
is summable, accordingly, the central limit theorem is also proved; that is, the system 
exhibits normal diffusion. It is natural to ask whether the continuous time dynamics have 
the same (or even stronger) statistical properties. We partly know the answer, namely we 
proved that the central limit theorem holds in continuous time as well. We conjecture the 
rate of mixing to be exponential based on the work of Melbourne [M], but one last 
condition still needs to be checked to complete the proof of this. 
 
Description and history of the model  
We restrict our analysis to the ergodic case, i.e. when the lower ball is heavier. We scale 
the system first by setting the total mass to be one. From now on m  (1/2, 1) denotes the 
mass of the lower ball (hence the upper one has mass 1-m). Note that all collisions are 
assumed to be totally elastic and we neglect the air resistance, therefore the total energy 
of the system is conserved. By another scaling we set it to be 1/2. Now the possible 
configurations of the system form a three dimensional manifold in R4. We discretize the 
system by introducing the outgoing Poincaré-section: consider only those time moments, 
when the lower ball hits the floor (but already has positive velocity). This will reduce the 
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phase space to be two dimensional. Instead of the usual coordinates (heights and 
velocities), following Wojtkowski's work [W] we use the quantities h = "energy of the 
lower ball" and z = "the difference between the velocities (upper minus lower)" to 
describe the system. Observe that these coordinates are invariant between collisions. The 
phase space then consists of all (h,z) pairs satisfying the constraints that 0 < h < 1/2 and 
that recovering the height of the upper ball it has to be positive. The dynamics are then 
given by the laws of classical mechanics. This is a Hamiltonian system, hence there is a 
natural invariant probability measure (the Liouville-measure), which in our case is just 
the normalized Lebesgue-measure. Note that two mainly different scenarios may happen. 
Either the balls will collide and exchange energy before the lower one returns to the floor 
or they won't. This implies that the dynamics have singularities. 
Hyperbolicity (i.e. non-vanishing of all relevant Lyapunov exponents) was first proved 
by Wojtkowski in 1990, actually in a more general context of n balls with masses strictly 
decreasing up the line. In 1996 Simányi [S] strengthened this result. He proved the same 
statement requiring the masses only to decrease (but not strictly decrease) up the line, 
except that the lowest ball must be strictly heavier than the others. Ergodicity of the 
system of two falling balls with the lower ball being heavier was proved by Liverani and 
Wojtkowski [LW] in 1995. In the general case of n > 2 balls ergodicity and finer 
statistical properties are still open questions. 
 
Results  
In the last decades some serious papers were published, containing very effective 
techniques to investigate statistical properties of hyperbolic systems with singularities. A 
major breakthrough was achieved by Young [Y1], [Y2]. Her arguments were later further 
developed by Chernov and Zhang [CZ]. They gave seven conditions forming a frame to 
follow as a strategy of giving bounds on correlations, verifying limit theorems for 
physically relevant observables, etc. We applied their strategy succesfully to our system 
and gave a detailed geometric analysis of the phase space and the structure of 
singularities and also a description of the most important regularity properties of the 
dynamics. As a result we showed that for the discrete time dynamics and for certain mass 
ratios, correlations decay as O(log3n/n2) for Hölder observables and since this rate is 
summable the central limit theorem also holds for this class of functions. For the proofs 
we refer the reader to [BBNV]. 
 
Perspectives  
Of course the general case of n > 2 balls seems quite challenging, but there are two 
possible extensions of the above results even when remaining in the case of two balls. 
 

• Continuous time dynamics: The fact that the coordinates we use are invariant 
between collisions implies that the continuous time system can be modelled as a 
suspension flow. This roughly means that we identify the triple (here t denotes 
time) (h0,z0,t) with (h1,z1,0) if and only if starting from the initial state (h0,z0) the 
time spent until the next collision is exactly t and the new coordinates after the 
collision are (h1,z1). Let r(h,z) be the time until the next collision starting from the 
state (h,z). This is called the roof function and its regularity determines whether or 
not (and how) the results in discrete time can be reformulated in continuous time. 
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We showed that r(h,z) is uniformly piecewise Hölder continuous, which by the 
work of Melbourne [M] implies that the central limit theorem holds also in the 
continuous time case. There is a conjecture of us that the system is rapidly mixing 
(i.e. faster than any polynomial) in continuous time, but one last condition needs 
to be checked to verify this. This condition is about a certain irregularity of the 
roof function, for details see again [M]. Some technical difficulties arose during 
the calculations, but we think that they may be solved by an appropriate change of 
coordinates. 

 
• Complexity: By the nature of hyperbolic dynamics certain curves in the phase 

space are getting expanded when iterated forward. Meanwhile singularities may 
cut them and there is a competition between these two phenomena. One key step 
of the previous proofs is to understand this competition and verify that expansion 
prevails cutting. This was done by a quantitative analysis of the jacobian of the 
dynamics, however we were only able to show that the necessary inequalities hold 
for an open set of the external parameter (the mass of the lower ball). One elegant 
way of extending this set of parameters to the whole (1/2,1) interval (except for 
countable many points) would be to show that the number of n-time singularities 
intersecting at the same point (this is called complexity) is bounded, since 
uniform hyperbolicity then guarantees the winning of the expansion. Singularity 
curves are described by algebraic equations, hence it would be enough to prove 
that these multiple intersections are sensible under the perturbation of the external 
parameter. We already formulated an equation that describes the behaviour of 
such intersections under this perturbation. To complete the proof only the sign of 
one term should be found, but surprisingly similar technical difficulties that arose 
in the previously discussed continuous time case appear here as well. These may 
also be solved by a change of coordinates, which we would like to do in the 
future.   
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1. A brief description of the Doctoral School for Physics 
The mission of the Doctoral School for Physics of the Budapest University of 
Technology and Economics (BME) is to further educate the MSc graduated students of 
excellence for assuring the supply of future scientists and university professors in the 
relevant fields of science. The Doctoral School was established in 1993. The human and 
infrastructural resources needed for the successful operation of the PhD School are 
assured mainly by the departments of the Institute of Physics and of the Institute of 
Nuclear Techniques in the BME. The research group established commonly by the BME 
and the Hungarian Academy of Sciences as well as several scientific research institutes 
also contribute to the achievement of the goals of the PhD School. A tight connection 
with the industry assures that our PhD students’ knowledge and skills will be also 
relevant and usable in industrial applications.  

Based on the statistics of the last five years there are in average 18 new students enrolled 
in the PhD School for Physics every year. The candidates have to pass an entrance 
examination. The average time to reach the graduation is about 5,2 years. Since 1993 
more than 100 students have successfully defended their PhD theses and have been 
awarded with the degree. As far as the scientific outcome is concerned, the members, 
supervisors and students of the school have published several hundreds of high ranking 
journal papers. 

There are three subprograms in the PhD School for Physics, each of them include several 
important and wide research areas (listed in parentheses below):  
• Condensed Matter Physics (Solid State Physics, Material Sciences, Nanoscience, 

Statistical Physics) 
• Applied Physics (Optics, Laser Physics, Holography, Surface Physics) 
• Reactor Physics (Reactor Physics and Thermohydraulics of Nuclear Reactors, 

Nuclear Fusion Diagnostics and Technology, Nuclear Fuel Cycle, Nuclear Energy 
Systems, Application of Nuclear Techniques, Medical Physics) 

 

2. Research and development projects supported by TÁMOP-
4.2.2/B-10/1-2010-0009 
The scientific results reported here were achieved in connection with the project „Talent 
care and cultivation in the scientific workshops of BME" project, and were supported – 
partly or completely – by the grant TÁMOP - 4.2.2.B-10/1--2010-0009.  
The main research areas supported are the following:  

• Molecular electronics 
• Broad-band optical and magneto-optical spectroscopy 
• Surface physical investigations using optical and material science methods 
• Experimental and theoretical investigations of magnetic layer structures and of 

nanoparticles 
• Application of  statistical physical methods to modelling of adaptive and self-

organizing systems 
• Research in nuclear sciences and technologies. 
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The connection between tightly focused beams  
and the concentration problem on the sphere 

Kornél Jahn, Nándor Bokor 

Abstract By solving the so-called concentration problem on the sphere for vector fields, new vector 
basis functions, the vector Slepian harmonics (VSLHs) are proposed to approximate the plane wave 
amplitude spectrum of the focused field of a high numerical aperture (NA) focusing system. A subset of the 
VSLHs exhibits excellent energy concentration to the solid angle of illumination. The VSLHs could be 
useful in other fields of physics as well. 

Introduction  
Tight focusing of laser beams is important several fields of optics, particularly 
fluorescence nanoscopy [1], near-field microscopy [2], high-resolution Raman 
spectroscopy [3] and optical trapping [4]. These applications demand the reduction of the 
focal volume or controlling the polarization state of the focal spot, which can be achieved 
by using a high numerical aperture (NA) focusing system. 

One of the most widely used methods to calculate the focused electric field of such an 
optical system requires the numerical evaluation of the so-called Debye—Wolf vectorial 
diffraction integral [6], which expresses the focused field as a superposition of 
homogeneous plane waves whose complex amplitude vector (which also specifies its 
polarization) is related to the electric field on the Gaussian reference sphere centered at 
the geometrical focus. However, the integral is highly oscillatory and direct evaluation 
usually requires large computational times, so alternative approaches have been 
proposed. One such alternative method to treat the problem of focusing is the multipole 
theory of Sheppard and Török [7], which expands the focused field into a series of 
source-free vector multipole fields (VMFs) whose plane-wave amplitude (PWA) and 
polarization is given by vector spherical harmonics (VSHs) [8]. By approximating the 
PWA of the field beyond the exit pupil using VSHs, the VMF-representation of the 
focused field can be obtained in a straightforward way. 

Although the VMFs are closed-form solutions of the vector Helmholtz equation and thus 
provide physical insight into the properties of focused fields, they do not reflect the 
directionality of common illumination setups: in general, the angular energy distribution 
of VMFs spreads over the whole unit sphere of possible directions, while illumination is 
restricted to a spherical cap determined by the NA of the system. This circumstance is 
disadvantageous when solving inverse problems because ensuring directionality requires 
additional, non-trivial constraints. This drawback can be addressed by adapting the so-
called concentration problem of scalar fields on the sphere [9] to the vectorial case [10], 
i.e. finding a linear combination of a finite number of VSHs (“band-limited 
representation”), whose energy is maximally concentrated to the spherical cap of 
illumination. The solution of this variational problem yields a whole set of well-
concentrated vector fields (the so-called vector Slepian harmonics, VSLHs [10]) that is 
useful for approximating PWAs of tightly focused beams with only a few terms. In this 
paper, we provide an overview on the construction of the VSLHs (and the corresponding 
focused fields) and summarize their possible applications. 
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The construction of the VSLHs and VSLMFs  
Our goal is to solve the concentration problem [9] for tangent vector fields with respect to 

a spherical cap with an angular semiaperture 
1sin−=C NAθ (assuming a refractive index 

of unity for the focusing problem), i.e. to find a “band-limited” vector field ( , )
ur
V θ φ , for 

which 

 
,
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,

= =

r r
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conjugate. Here band-limitedness means that ( , )
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V θ φ can be expressed as a linear 

combination of a finite number of VSHs (where VSHs are defined as [8] 
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and θ  and φ  denote the polar and azimuthal angles, respectively). However, instead of 

using the VSHs ( , )
r

lmY θ φ  and ( , )
r

lmZ θ φ  directly, it is feasible to use the vector fields 
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to expand ( , )
ur
V θ φ . This is different from the first formulation of our theory [10] and the 

reason for this modification will be clarified later. By expressing ( , )
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V θ φ as 
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where 0=l  VSHs are zero by definition [8] and thereby omitted, Eq. (1) can be rewritten 
as 
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0=m , respectively. The same ordering is also applied to ( )j
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v . Eq. (4) then becomes a Rayleigh matrix variational problem 
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with the Rayleigh quotient η , which is called the energy concentration ratio of 

( , )
r

V θ φ (the dagger denotes the conjugate transpose). It can be proved that (i) it follows 
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from our choice (2) as basis functions and their orthogonality relation (5) that no non-
zero off-diagonal blocks appear (this is in contrast with our previous formulation of the 

theory [10]), (ii) D is a Hermitian matrix, thus η  is real as expected and 0 1< <η , and all 

eigenvectors are orthogonal, and finally, (iii) a complete, orthonormal system 

{ }(1) (2)

1
( , ), ( , )

=

r r
mN

mi mi i
V Vθ φ θ φ of tangent vector fields ( ) ( ) ( )( , ) : ( , )=∑
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vector Slepian harmonics (VSLHs) can be constructed for each order m that satisfy the 

orthogonality properties ( ) ( ')
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Fig. 1. The energy concentration ratio of all VSLHs corresponding to 

various NA-values and L = 20. The VSLHs are indexed by decreasing jimη . 

 
There is a small portion of VSLHs with jimη  almost unity for all possible values of m and 

1, 2=j . This subset is of great importance from the viewpoint of focusing problems, as it 

allows us to approximate PWAs of the directional focused field of a high NA lens. Fig. 1 

shows the energy concentration ratios of all VSLHs ( )
r

j
miV  for the particular case of 20=L  

and 0.65,0.85 and 0.95=NA , where ( )
r

j
miV  are ordered  by decreasing jmiη . As seen in 

Fig. 1, the number of well-concentrated VSLHs is proportional to the area of the 
spherical cap.  
The focused fields corresponding to the VSLHs are called the vector Slepian multipole 
fields (VSLMFs) and are defined as [10] 

 [ ]
2

(( ) )

0 0
( , ) exp ( , )( ) · sin: d d

2
= − ∫ ∫

r rr r rjj
mi mi

ik
W r X ik s r

π π
θ φ θ φ θ θ φ

π
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Relation (7) resembles the Debye—Wolf-integral [6] except for the fact that π  instead of 

Cθ  is the upper limit of integration with respect to θ . For the well-concentrated subset of 

the VSLHs, however, the difference between the Debye—Wolf-integral of the VSLHs 
and the VSLMFs is negligible. 
The VSLMFs can also be expressed as a linear combination of the VMFs [10], so all 
advantages of the VMFs practically also apply to the VSLMFs. 

 
Conclusions  
We have constructed an orthonormal basis of tangent vector fields on the sphere, the 
VSLHs, which can be used efficiently to approximate the PWAs of the focused field 
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beyond the exit pupil of a high NA optical system. This formulation differs form our 
previous one [10] by considering an alternative polarization scheme for the VSLHs (Eqs. 
(2)) and thereby simplifying their construction. 
It is known that a VSLH-approximation of the PWAs of commonly used focused fields 
contains a smaller number of independent terms than the corresponding VSH-
approximation [10] while maintaining comparable accuracy. For optimization problems, 
this fact indicates that the dimension of the parameter space may be lower than when 
using the VSHs as  basis functions. 
In this paper, we have also constructed the focused fields corresponding to the VSLHs, 
the VSLMFs. Particularly interesting are the VSLMFs whose PWA spectrum exhibits 
high energy concentration on the spherical cap of illumination, because they represent 
physical focused fields in an analytic form. VSLMFs can be used to obtain an 
approximate solution to the inverse problem of high NA focusing, i.e. to find the PWAs 
corresponding to a prescribed intensity profile or electric field distribution in the focal 
volume. Such inverse problems are difficult to solve generally [11]. Finally, we note that 
VSLHs can be used effectively not only in optics but in geophysics, too, when describing 
vector fields on the polar caps or other regions of interest on Earth’s surface, because the 
concept outlined in this paper is not restricted to a spherical cap, but can be generalized in 
a straightforward way to a region of arbitrary shape on the sphere. 
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Abstract Nuclear fusion in tokamaks is a promising future energy production mechanism. Some of the 
still unsolved problems are connected to the effect of magnetic perturbations on the plasma transport. Even 
as small as 0.1% relative perturbation can lead to several orders of magnitude change in the transport. This 
is a deleterious effect when plasma confinement is the goal, however, this phenomenon can be used to 
remove unwanted particles from the plasma by applying externally generated magnetic perturbations. In 
this paper we introduce the general idea of the phenomenon and present an example application. 

Introduction  

Nuclear fusion is a promising future energy generation method. Up to our recent 
knowledge, energy production based on controlled nuclear fusion possesses almost all the 
attributes of an ideal energy source. The most advanced concept is to realize fusion in a 
100 million degrees hot mixture of hydrogen isotopes. Fuel at such high temperatures is 
in the plasma state, and cannot come in contact with material surfaces of any kind. Fusion 
plasmas consist of charged particles that can be confined by a strong magnetic field that 
closes on itself in a toroidal shaped device. For stability reasons a pure toroidal magnetic 
setup is not sufficient, an additional helical twist is also necessary. This twist can be 
generated by driving a current in the plasma, as is done in the tokamak type of 
experimental fusion devices. Transport in such devices is up to 8 orders of magnitude 
anisotropic: particles can move along the magnetic field lines freely with their thermal 
speed (0.1X - ~1X the speed of light) but perpendicular transport can only happen in the 
case of collisions, that are very rare in such high temperature and low density plasmas. 

Bpol Transformer
Stabiliser

Current TF coilBtor 
Helical field

   
Figure 1. Schematic view of a tokamak with the main coils and magnetic field components (left). 

Definitions of the generalized toroidal geometry with the coordinates (ψ ,φ ,θ ) (right). 

Equilibrium magnetic structure  

A tokamak in principle is an axisymmetric, quasi-2D device. In the presence of axial 
symmetry, field lines that go around the device will eventually draw out a toroidal surface 
that is called a magnetic- or flux surface. In this case it is practical to introduce a 
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coordinate system, defined by the toroidal (φ ) and poloidal (θ ) angles, and a generalized 

radial coordinate (ψ ), that allows non-circular cross-sections for the surfaces. The latter 

can be any physical quantity that is constant on a magnetic surface; and due to the 
anisotropic transport, the plasma parameters equalize very fast on the flux surfaces. A 
common choice for (ψ ) is the flux enclosed by the surface (hence the name). In this 

coordinate system the field line equations take the following form: 

∫
ψ

ψ′
ψ′

=ψΨ
ψ∂

Ψ∂
−=

ϕ
θ

θ∂

Ψ∂
−=

ϕ
ψ

0
)(

)(,,
q

d

d

d

d

d
p

pp . 

These equations are analogous to the Hamiltonian equations, with the poloidal flux Ψ p
as 

the “Hamiltonian”, the toroidal angle φ  as time and the poloidal and radial coordinates 

(θ ,ψ ) act as a pair of canonical variables. Due to this analogy, the properties of the 

perturbed tokamak magnetic system are analogous to the phase space properties of 
perturbed Hamiltonian systems that are thoroughly studied in the literature and textbooks 
of nonlinear systems and chaos in conservative systems. The unperturbed case is a one 
degree of freedom integrable system. The exact solution is ψ=const. and 

)(/ ψϕ∆=θ∆ q . This means that the field line stays on the surface (keeps its radial 

coordinate in the flux coordinate system) and that the toroidal angle is simply changing 
with a certain value )(/1 ψq  as we move along the torus, which is the definition of a 

helical field line. The safety factor )(ψq can be defined in various ways, but the simplest 

definition is that it is the average value of change in the toroidal angle (normalized to 
2π ) after a full poloidal transit. A flux surface is an ensemble of field lines with identical 

)(ψq . Field lines with rational q close on themselves relatively fast and hence play an 

important role when it comes to perturbations. We only call those surfaces rational 
surfaces that are low order rationals, or in other words, which close on themselves after a 
few number of turns. These field lines have a periodic boundary condition with a low arc 
length, and are therefore very susceptible for perturbations [1]. 

Magnetic perturbations  

If any type of perturbation, even arbitrarily small is present, the axial symmetry is lost, 
the perturbation Hamiltonian will depend on all 3 coordinates, and therefore dψ = 0  will 

not be generally true. Field lines may wander radially, which leads to the distortion, or 
eventually, the break-up of the flux surfaces, that can lead to the formation of magnetic 
islands. If such a thing happens, particles, which in the first order follow the field lines 
can travel radially relatively fast if the field line itself makes a large jump in ψ . This 

leads to a large increase in the radial transport. Field lines with rational )(ψq close on 

themselves fast, and therefore the effect of perturbations can accumulate much faster than 
on non-rational surfaces. For this reason rational surfaces are often referred to as resonant 
surfaces. As can be derived from the Kolmogorov-Arnold-Moser (KAM) theorem, for a 

nmq /= surface the lower m is, the larger the total net radial displacement will be, so not 

only that low order rationals break up fast, they also create the widest magnetic surfaces. 
The surface is replaced by an island chain with m O-points and m X-points. If different 
island chains overlap with each other, then so called ergodic zones form, where the field 
lines wander around in a totally random way, eventually covering the whole region. In 
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ergodic zones the transport is greatly increased and these zones act as a sort of transport 
short circuits, increasing the net radial transport with several orders of magnitude. The 
exact position of the island chains depends on the )(ψq  profile. In tokamaks in the core q 

is around 1 and the profile is flat, meaning that rational surfaces have a low m number, 
which leads to the generation of large, non-overlapping island chains. At the edge the 
profile steepens that leads to the generation of thinner islands with higher m close to each 
other, which easily overlap and generate a broad ergodic zone. The radial transport is 
greatly increased in both cases [1-4]. Typically the core islands are generated due to 
internal causes such as different resistive plasma waves [4], while the edge ergodic zone 
can be generated externally for different reasons [1-3]. It has to be noted that as low as 
0.1% relative perturbation magnitude is sufficient to generate magnetic islands and 
ergodic zones of significant size. 

        
Figure 2. Breakup of the magnetic surface q=3, field lines start to wander radially and magnetic islands 
form (left). Example of magnetic island chains (blue) and ergodic zone (red) in a Poincaré plot (right). 

 

Runaway electron suppression in ITER  

An interesting but dangerous phenomenon of plasmas is the runaway particle generation. 
The friction force on a charged particle in plasma is a non-monotonic function of velocity 
(energy): after reaching a maximum it slowly decays. This means that in the presence of a 
sufficiently strong electric field some particles will experience a net acceleration, since 
the electric field will be stronger than the friction force. These particles will accelerate 
until relativistic effects start to play a role. Such a high electric field can be generated in 
tokamaks if the discharge is not correctly controlled and the plasma is disrupted. These 
runaway particles are usually runaway electrons [1] or positrons [5], whose numbers are 
greatly multiplied by an avalanche effect. Eventually a 5-10 MA beam of 10-100 MeV 
particles can form that pose a serious threat on large devices, such as the new flagship 
fusion experiment under construction in France, the ITER. The application of carefully 
optimized external resonant magnetic perturbations (RMP) can generate a broad ergodic 
zone that helps to remove the particles during the disruptions before they could reach 
high energies [3]. 

Since runaway electron transport in the perturbed fields is very complex and cannot be 
handled analytically, we developed a 3D numerical modeling and optimization 
framework that was applied to obtain an optimized runaway suppression RMP 
configuration for ITER [1-3]. Our simulation code solves the relativistic drift equations in 
an arbitrary 3D magnetic geometry with any type of perturbation, and also takes into 
account Coulomb collisions between the test particles and the background plasma and 
different radiation terms. In the optimized configuration runaway electrons from the edge 
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( 5.0≥ψ ) can be removed 100-10 000 times faster, which also means a comparable factor 

gain in energy as well. Despite the complexity of the problem, the wall load distribution 
only depends on the local edge perturbation pattern [6]. We have found that runaways 
tend to hit the wall in areas where the radial magnetic perturbation component points 
inwards. This gives us a way to optimize the wall loads into treatable levels, and also to 
deposit high-energy electrons far from delicate machine parts. 

   
Figure 3. Particle loss times as a function of initial position: we clearly see that the system is chaotic 
(right). Runaway wall load spots (black) correlated to the inwards magnetic perturbation field (right). 

 

Conclusions  

Currently the best concept to realize fusion, a highly promising energy source, is the 
tokamak. In this paper we have shown a phenomenon that is general for toroidal magnetic 
confinement fusion devices: that even very small magnetic perturbations can greatly alter 
the transport of the device. This can be applied for useful purposes, like the fast removal 
of unwanted particle populations, such as highly relativistic electrons that can be 
generated under certain emergency scenarios. 
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Abstract This work is a short summary about two methods used to fabricate graphene nanoribbons. 
With carbothermal etching it is possible to reach a width of 40 nm or lower, and these structures have edges 
parallel with the zigzag crystallographic direction. Transport measurements have been made on an antidot 
lattice made by the combination of carbothermal etching and electron-beam lithography. 

 

Introduction 

Graphene is a recently discovered1 metallic material that has attracted an incredible 
amount of attention due to its outstanding electrical and mechanical properties. The 
dispersion relation is linear2 (Fig.1.a) near the Fermi energy, which makes it possible to 
study relativistic phenomena like Klein-tunneling in a solid state material3. It is also 
responsible for the so-called half-integer quantum Hall effect: the Hall-conductivity 

follows the relation ( ) 21 2 4 , 0,1, 2,...σ = ± + ⋅ =xy m e h m  (Fig.1.b) blue dashed lines). 
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Figure 4. a) Conduction and valence band of graphene4: the dispersion relation is linear at 
corners of the Brillouin-zone, where the two bands touch. b) Longitudinal resistivity (black, 
ρxx) and transversal conductivity (red, σxy) of a graphene Hall-bar on a 300 nm SiO2 substrate 
as a function of the gate voltage, applied to tune the carrier concentration.  

The motivation for this work is the fabrication of regular graphene nanoribbons (GNRs) 
for use in spintronics. Calculations predict5 that narrow zigzag ribbons have spin-
polarized edges. This polarization can be controlled by an electric field perpendicular to 
the ribbon’s direction, making it half-metallic, so that a spin-polarized current can be 
obtained.  

There are several ways to fabricate crystallographically oriented graphene nanoribbons, 
including STM-lithography6, nanoparticle-assisted etching7, anisotropic plasma etching8, 
and carbothermal etching9. Electron-beam lithography and plasma etching is a widely 
used method to tailor graphene structures: such GNRs have a small band gap, but their 

a) b) 

BME 2012 | Proceedings of PhD Workshops

233



edges are irregular, there is no correlation between orientation and electric properties, and 
backscattering and interference effects are significant10. 

 

Sample fabrication using the combination of carbothermal etching 
(CTE) and electron-beam lithography (EBL) 

Using carbothermal etching it is possible to fashion hexagonal holes that have edges 
parallel with the zigzag orientation of the graphene sheet. This process requires high 
temperature (700°C), an inert atmosphere like argon, and a SiO2 substrate9. Under such 
circumstances carbon atoms with the weakest covalent bonds are oxidized, using the 
oxygen of the substrate and the very small amount of impurities present in the gas, thus 
making the process crystallographically selective (Fig.2.).  

 
Figure 5. AFM images of graphene flakes before and after carbothermal etching9. The defects in (a) 
were created by spontaneous oxidation. b) After annealing in argon at 700°C the holes are larger and 
have a hexagonal shape. Lighter areas indicate a higher surface like the edge of the graphene flake or 
organic impurities, and dark spots mean holes in the flake. 

     
Figure 6. AFM images of an antidot-lattice made by e-beam lithography, argon-ion gun, argon-
oxygen plasma etching, and thermal cleaning: a) before and b) after 2 hours of carbothermal 
etching. Scale bar is 1 µm. c), d) Two holes of this lattice already show anisotropy: one of the 
white lines is parallel with a straight edge of the graphene flake, the others are rotated by 60° 
multiplied by an integer. They are all parallel with the zigzag direction. e), f) The holes depicted 
in c), d) after further 2 hours of CTE. Scale bars are 200 nm. 

a) b) 

c) e) 

d) f) 
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The position of the hexagons can be controlled by pre-defining holes in the graphene 
sheet. AFM-indentation is a clean and reliable method, but for creating an arbitrary 
network of holes it is not efficient. In contrast, electron-beam lithography paired with 
plasma etching is a fast and efficient way to fabricate almost any kind of structure on 
large areas, but due to the chemicals required it raises the risk of organic impurities 
contaminating the sample and influencing the anisotropic reaction. 
Using electron-beam lithography and plasma etching we have made a triangular antidot-
lattice on a graphene sheet with 300 nm lattice constant. An argon-ion irradiation step 
was introduced using an ion gun before the plasma etching step, to create more defects in 
the crystal in order to make the etching more effective. An AFM-scan revealed that the 
structure is dotted with contaminants that originate from the organic materials used in the 
lithographic process. We used a thermal cleaning process in air at 300°C to rid the 
surface of these impurities, but a small amount still remained on the edges of the holes. 
After two hours of carbothermal etching these contaminants were also removed 
(Fig.3.a,b), and some holes already started to show anisotropy, which became more 
pronounced after further two hours of annealing (Fig.3.c-f). 

Transport measurements on an antidot lattice 

The structure visible on Fig.3. was separated from the original graphene flake by EBL 
and plasma etching in order to fabricate electrodes. We studied the weak localization 
evident for all gate voltages as a function of the magnetic field (Fig.4.). 
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Figure 7. a) Two-point conductance fluctuations of the antidot lattice as a function of the magnetic 
field B at different gate voltages. All curves exhibit a weak localization signal near B=0 which is 
due to constructive interference for backscattered charge carriers, which is destroyed by the 
increasing magnetic field. b) Averaging the conductance curves makes the fluctuations disappear 
(blue curve). Red curve is a fit using Equation (1). 

 
According to theoretical calculations11,12 the weak localization signal in graphene follows 
the function below: 
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where F(x)=ln(x)+ψ(0,5+x-1) is a monotonously increasing function, ψ is the digamma 

function, 1 2
, ,* , ,*4−
φ φ= hi iB eL  with the LΦ phase coherence length, the Li intervalley 

scattering length (which characterizes the rate of scattering between different Dirac-cones 
or valleys, see Fig.1.a), the intravalley scattering length, and also the effect of trigonal 
warping (which refers to the deformation of the dispersion relation moving away from the 

Fermi-energy): * *L D= τ with the D diffusion constant and 1 1 1 1
* warpinter intra
− − − −τ = τ + τ + τ  

total scattering rate. By fitting Eq.(1) on the average of the conductance fluctuations, we 
estimate that the phase coherence length is about 200 nm, and Li≈50 nm. The ribbons 
between holes are at least 100 nm wide, meaning that this value of Li originates from 
scattering events far from edges. Since the zigzag edge is incapable of intervalley 
scattering the edge regularity of CTE-grown hexagons cannot be determined in weak 
localization measurements unless they are less than 50 nm apart.  

 

Conclusions 

We have successfully fabricated graphene-based circuits using electron-beam 
lithography. Transport measurements on bulk graphene showed the expected quantum 
Hall effect. Atomic force microscopy of an antidot lattice made by the combination of e-
beam lithography and carbothermal etching proved that this method can produce patterns 
with zigzag-like edges predefined by lithography. Weak localization measurements on 
the same structure indicate that intervalley scattering is mostly due to bulk defects. 
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Abstract We investigate metallic nanostructures to obtain polarized light extraction from light emitting 
diodes. Surface structures of periodic arrays of metallic wires are used as polarization selective filters and 
polarization recycling surfaces. We use rigorous electromagnetic calculations and ray tracing in 
conjunction to model a complete LED source. Extinction ratio over 70 is obtained with extraction 
efficiency more than the half of an unpolarized LED source. Besides the wire grid polarizer the scattering 
and absorption properties of metallic nanoellpisoids are studied with the quasistatic approach and the finite 
element method. Polarization dependence in the scattering and absorption cross section are cleraly visible 
which indicates that these nanostructures are good candidates for the use in polarization selective devices. 

Introduction 

Polarized light plays a major role in many applications such as liquid cristal displays [1], 
automotive lighting [2], microscopy [3] and communications [4]. Using polarization 
selective devices in combination with light emitting diodes (LEDs) provides a cost 
effective solution for these applications. Usually one uses external polarizers for these 
applications, however in this case more than half of the light is lost due to absorption and 
reflection. Several papers deal with polarized light extraction from light emitting diodes 
[5-8], using geometrical optical concepts as well as with photonic crystals and 
nanostructures placed onto the LED chip. 
In the present paper we cover the modeling of polarized light extraction from light 
emitting diodes and investigate the polarization dependence of light scattering on metallic 
nanostructures. In the first step, the performance of wire grid polarizer (WGP) is 
examined for the purpose of polarized LED applications. In the second step, a complete 
high power AlGaInP LED model is built up, using a commercial ray tracing software 
combined with the physical optical calculations. We close our paper with the 
investigation of the light scattering properties of gold nanoellipsoids. 

Polarized light extraction with wire grid polarizers 

We have investigated two possible placement of the wire grid polarizer on the complete 
LED structure. In the first one the WGP is placed onto the encapsulation, in the second 
one the WGP is placed onto the LED chip. 
The optical properties of the wire grid polarizer on planar interfaces are investigated 
using the rigorous coupled wave analysis [9,10]. The wire grid polarizer is illuminated at 
conical incidence with an unpolarized plane wave. The extinction ratio as well as the 
average absorption is shown on Figure 1. 
It can be seen from the figures, that the WGP achieves better performance when put onto 
the encapsulation both in extinction ratio and in extraction efficiency. From the geometry 
of the LED source it is clear, that the wave coming from the chip and hitting the 
encapsulation surface falls nearly at normal incidence onto the surface. On the contrary 
inside the chip, the waves fall on the interface of the chip and the encapsulation in polar 
angles uniformly distributed. Consequently a large amount of light is trapped inside the 
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LED die by total internal reflection. Thus one can conclude, that if these conditions hold, 
it is reasonable to put the WGP onto the encapsulation rather than onto the chip surface. 

 
Figure 8.(a) Extinction ratio and (b) average absorption for unpolarized incident wave. The 
WGP is placed onto the encapsulation (Grating on encapsulation: line + symbol) or onto the 
LED die (Grating on die: solid line). 

Complete LED model with wire grid polarizers 

We have used a commercial ray tracing program in conjunction with physical optical 
calculations to model the complete LED source with nanostructures. For illustration 
purposes we have chosen to model a high efficiency transparent substrate AlGaInP LED. 
Three different configurations were investigated: an unpolarized LED source with an 
external polarizer, an LED source with WGP put onto the LED chip (Figure 2 (a)) and an 
LED source with WGP put onto the encapsulation surface (Figure 2 (b)). 
The direction of the grating lines on the curved surface are optimized to extinction ratio 
and efficiency. In the optimized setup the direction of the lines is adjusted so that the 
polarization of the outcoupled wave lies in the same plane for each ray direction.  

 
Figure 9. (a) Schematic diagram of the LED model with WGP placed onto all sides of 
the chip. (b) Schematic design of the WGP on the encapsulation LED model. The 
density of the lines doesn't correspond to the grating period, the lines mark only the 
direction of the grating lines. 

For the unpolarized LED source the extraction efficiency was about 23% which is in 
good agreement with the results found in the literature. In the unpolarized case the 
extinction ratio was very close to 1 as expected. Using an external polarizer to produce 
polarized light the efficiency of the system dropped to 9.6%, i.e. more than the half of the 
light was lost compared to the previous case. Putting the WGP onto the LED chip 
resulted in an extraction efficiency of 5.6% and extinction ratio of 2.04. Putting the WGP 
onto the LED encapsulation the extinction ratio increased to 2.72 moreover the extraction 
efficiency increased to 12.9%. 
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To summarize the previous results it can be seen that placing the WGP onto the 
encapsulation provides the best configuration of polarized light extraction with WGP. 

Investigation of the polarization properties of gold nanoellipsoids 

Using ordered or disordered array of nanoparticles at surfaces to produce polarized light 
enables us to further fine tune the optical response of the system. We have investigated 
the optical response of nanoellipsoids corresponding to different polarizations. As a first 
step we have used the quasistatic approximation [13] to describe the optical properties of 
nanoellipsoids of size much smaller than the wavelength. In this case the scattered field is 
dipolar by nature. Figure 3 shows the absorption and scattering cross section for parallel 
and perpendicular incident polarization corresponding to the major axis of the ellipsoid. 

 
Figure 10. Absorption and scattering cross section of single gold nanoellipsoid calculated with the 

quasistatic approximation. 
In the case of parallel polarization the induced dipole moment is much larger than in the 
perpendicular one which results in higher absorption and scattering cross section. Note 
that this difference is only due to the different “effective” size of the nanoparticle in 
different directions. Even from these introductory figures it is evident that with well 
chosen parameters small nanoellipsoids or other anisometric particles can be used as 
polarizers. 
In the case of larger particles the quasistatic approximation is not valid. We have used 
finite element calculations to investigate the effect of larger particle sizes. Throughout 
this calculation the bulk material permittivity of gold is replaced with nonlocal 
corrections arising from the finite size of the nanoparticle [14, 15]. 
In the future work we aim to calculate the reflection and transmission properties of 
periodic and nonperiodic structures of nanoellipsoids for unpolarized illumination. The 
effect of the substrate will be also considered. 

Conclusions 

One dimensional aluminum periodic array of nanowires showed excellent polarizing 
properties when placing onto material interface. By putting these wire grid polarizers 
onto the curved encapsulation promises very good results both in extinction and 
efficiency and compare favorably with the currently existing solutions. 
Light scattering and absorption of single metallic nanoellipsoid showed strong 
polarization sensitive results. These initial results indicate that using such system can be 
the next candidate for polarization selective devices. 
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1. A brief description of the Doctoral School of Business and 
Management Sciences 

Post-graduate and doctoral education was commenced in 1998-1999 at the Faculty of 
Economic and Social Sciences. At first, 16 PhD students were enrolled to the 
‘Engineering Management Doctoral (PhD) Program A’, in the field of economic 
sciences. The doctoral school on ‘Engineering Management, Economic and Management 
Sciences’ was granted its permanent accreditation by the Hungarian Accreditation 
Committee in 2002. As a result of the Bologna Process, the discipline of engineering 
management was re-categorized as being part of engineering sciences. Therefore, the 
School has adopted its current name of ‘Doctoral School on Business and Management 
Sciences’. The curriculum has been adjusted to fully integrate with MSc/MA courses at 
the Faculty. The Curriculum consists of the following programs: (1) Management and 
Business Organization (2) Marketing, (3) Finances, (4) Accounting, (5) Engineering 
Management, (6) International Economics and Management, (7) Regional and 
Environmental Economics. Since its creation until the academic year 2011-2012, 263 
students have been admitted to the doctoral school. The curriculum is constructed on the 
principle that technical and economic activities are tightly interconnected. Therefore, the 
main objective of the School is to define appropriate research topics to future researchers 
who will be trained to manage both the technical and economic aspects related to 
production and service processes, capable of producing new scientific findings and adapt 
and improve previous results in their own field. Training and research programs offered 
by the Doctoral School on Business and Management Sciences take into consideration 
that technical and economic processes and activities are built on each other. The School 
focuses on contemporary training and research areas such as the analysis of interactions 
within global, national, and macro- and microeconomic processes, interpretation of the 
relationship between social, economic and technical dimensions, as well as the greatest 
challenge of our age, analyzing the policy adaptation to sustainable development. 
Presently, aspiring students may apply for nearly a hundred research topics designated to 
institutes and departments, within the scope of the doctoral school. As the scope of our 
doctoral school does not only encompass economic and management but also industrial 
and technical sciences, we admit students having completed their MSc/MA training in 
economics, engineering, engineering management and natural sciences. 
 
2. Research and development projects supported by TÁMOP-4.2.2/B-
10/1-2010-0009 

Currently two main research topics are being investigated within the framework of the 
TÁMOP Project. (1) “Management methods supporting quality and reliability of 

investment and production processes” (Project 1) is currently being undertaken by the 
PhD programs in engineering management and finances. (2) “Tracking and identifying 

the dimensions of sustainable development through simulation methodology on 

international, regional and local level” (Project 2) is being explored on the knowledge 
base of the PhD programs in regional and environmental economics, international 
economics and management. 
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2.1 Management methods supporting quality and reliability of investment and 
production processes 

The research task defined in Project 1 may be interpreted as a continuation of traditions. 
Research into the fields of quality and reliability were commenced in the beginning of the 1980s, 
primarily by the Department of Management and Business Economics and its predecessors. The 
main research objectives were the interconnections between the two concepts and economic 
aspects of operational reliability. Research into TQM (Total Quality Management) and TPM 
(Total Productive Maintenance) management philosophies, in cooperation with notable American 
universities and sponsored by governmental grants, was carried out in the 1990s. The results of 
this research fostered the implementation of these philosophies into the Hungarian management 
practice. Research conducted during the past decade has yielded results in the special problems of 
Human Resource Management and reliability, and reliability in business processes. 
Project 1 aims to partially verify the results arising from this research basis, and also aims to 
further develop it by conducting fundamentally methodological research. It aims to do this by 
focusing on four concrete themes which can be well interpreted practically. (1) Within the 
framework of the research “Economic analysis of Pumped Storage Hydroelectric Plants”, the 
finalization and testing of the already developed scheduling algorithm will be carried out based 
on data and information collected throughout the research. (2) In the research topic of 
“Approximations for discounting intra-period cash flows”, current methods are being 
reconsidered in order to great a mathematical model. (3) The research topic “System model and 
methodology of quality management” aims to formulate conclusions based on a questionnaire, in 
order to develop a systemic model and methodology that can be applied for training services. (4) 
The research topic “Quality management methods of projects” is focused on the development 
of project-specific methodology of investment and production processes. 
 

2.2 Tracking and identifying the dimensions of sustainable development through 
simulation methodology on international, regional and local level 

The research task defined in Project 2 is fundamentally aimed at the challenge of the age: it aims 
to examine the interactions and spatial determinateness of the dimensions (social, economic, 
environmental) of the contemporary interpretation of sustainable development, as well as the 
description of concrete indicators by broadly considering the background provided by the 
methodology of simulation. The scientific foundations of the inquiry were primarily fostered by 
knowledge accumulated through international and pioneering domestic research conducted by the 
Department of Environmental Economics. 
Project 2 is also based on several research sub-topics. (1) The sub-topic “Dynamic analysis and 
simulation of adaptive capacity indicators related to climate change” aims to describe a complex 
set of indicators such that it will reflect the capacity of a socio-economic-environmental unit to 
successfully respond to expected and unexpected challenges (i.e. adaptive capacity). This 
simulation method facilitates the estimation of points of intervention or benchmark indicators 
(adaptive model). Until now, the method of clustering indicators and the aspects of selecting the 
so-called key indicators has been accomplished. (2) The sub-topic “Development of a discrete 
simulation model for the analysis of the relationship between sub-units of society at different 
stages of development and sustainability in the competition for resources” focuses on the 
definition of, the efforts towards sustainability of, and behavior in the competition for resources 
of various social development models. Currently a “Social and resource model based on 
Knowledge Attributed Petri Nets” is being designed.  
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Approximations for discounting intraperiod cash flows 
György Andor, Marcell Dülk 

 

Abstract 

We derive simple formulas by which the end-of-period present value can be adjusted to better approximate 
the present value of intraperiod cash flows. The formulas are derived from the Pythagorean means of the 
end-of-period and beginning-of-period present values. We find that the approximation based on the 
harmonic mean minimizes the maximum possible error in general. 

Introduction 

Contemporary financial analysis is most often conducted in the discounted cash flow 
(DCF) framework, where the present values of future funds are derived as the worth of an 
asset. The discount rate used in the calculations is determined for a given interest period 
and the present value of a single cash flow occurring at an arbitrary point in time is 
computed as: 

 ( ) FtiFP
−+= 1  (1) 

where P is the present value of F, F is a cash flow, i is the effective interest rate (discount 
rate) for the interest period, and tF is the time of occurrence of cash flow F, expressed in 
the time unit of the interest period (i.e., if the interest period is one year, then tF is 
expressed in years). 

Obviously, assets typically consist of multiple cash flows, in which case the present value 
is given by: 
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where Q is the total number of cash flows of the asset, q is the index of cash flows and 
their timing. 

The above formula is quite cumbersome to apply in cases where there are a large number 
of cash flows, which has long raised the need for approximative solutions. 

One approach is to approximate the asset’s cash flows by a continuous function of time, 
from which the present value can be computed by integration as: 

 ( )∫
−+=
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dtitFP
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1)(  (3) 

where F(t) is the cash flow function, and T is the life of the asset in the same time unit as 
the interest period. 

If the actual cash flow pattern can be adequately described by such functions, this 
approach is handy. However, often the above integral has no closed form solution, or the 
computation is mathematically still too complicated. 
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The approach most widely used in practice is the so-called end-of-period convention, 
which aggregates all cash flows within an interest period to the end of the period and then 
applies (2). It is expressed by the formula: 

 ( )∑
=

−+=
N

n

n

nE iAP
1

1  (4) 

where index E of P refers to “end-of-period”, N is the total number of interest periods 
during the asset’s life, and An is the total amount of cash flows in interest period n. 

Similarly, a beginning-of-period convention (indexed by B) can be stated in the form: 
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In this paper, we derive the Pythagorean means of PE and PB, namely the arithmetic, 
geometric, and harmonic means, and discuss how they can be used as approximations. 
We also compute the maximum possible errors of these conventions, and find that the 
approximation by the harmonic mean has the smallest such error. 

Approximations by Pythagorean means and their errors 

The three Pythagorean means are the arithmetic (A), geometric (G), and harmonic (H) 
means. These means of the end-of-period and beginning-of-period present values are as 
follows (also employing (5)): 
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As (6) shows, all the means are actually adjustments of the standard end-of-period 
present value. Introducing k(i) as notation for the adjustment function, we have the 
general form: 

 )(ikPP Eapprox = , where Papprox is the approximative present value and 
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Next, we assess the maximum possible errors of the above approximations, i.e., the 
largest error an analyst may make, may the cash flows of the asset follow any pattern. 
This is the upper limit of error for the general case, when the analyst has essentially no 
knowledge of the actual pattern (or timings) of the asset’s cash flows. This may occur 
e.g., if the analyst is an outsider valuing a company only from its financial statements, or 
several cash flows have timing uncertainty such that the resultant pattern is too difficult 
to determine, or simply the analyst does not want to bother with pattern estimation. 

For this general case, when cash flows may take on any pattern, the extreme cases need to 
be identified first. Because expected cash flow amounts are typically estimated for 
interest periods, and the conventions (and adjustments) are the same for all periods, the 
scope of the evaluation can be narrowed to a single period. Then, it can be established 
that the present value of the period’s cash flows must fall between PE and PB. These are 
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the two extremes, i.e., when all cash flows occur at the end of the period or at the 
beginning of the period (yielding the smallest and largest possible present value). 
Consequently, the maximum possible error of an approximation is the largest of the two 
(in absolute values) measured against these two extremes of present values. 

We apply the relative error as the measure of error, defined as: 
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where ε is the relative error of an approximation, Papprox is the approximative present 
value according to the approximation, and Pactual is the actual present value of the given 
cash flow pattern. A positive error means overstatement, and a negative error means 
understatement of the actual present value. 

Because we are interested in the magnitude of the errors, we take the absolute value of 
the errors, and define the maximum possible error as: 
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Substituting the corresponding values into (9) yields the followings for the various 
approximations: 
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Figure 1 exhibits the maximum possible errors as functions of the discount rate. 

 
Figure 1: Maximum possible errors of the various approximations 

As Figure 1 shows, the order of the maximum possible errors is εH,max < εG,max < εA,max < 
εE,max < εB,max for any positive i not greater than 50%. The harmonic approximation is, in 
fact, the one that yields the smallest maximum possible error among all such possible 
approximations (see in the next section). Substituting i = 50% as a practical maximum 
discount rate, the maximum possible errors are 50%, 33.33%, 25%, 22.47%, and 20.00% 
for the beginning-of-period, end-of-period, arithmetic, geometric, and the harmonic 
conventions, respectively. It can also be seen in Figure 1 that it is quite worthwhile to 
adjust the end-of-period present value, because the maximum possible errors are reduced 

BME 2012 | Proceedings of PhD Workshops

248



significantly. However, there is not much difference between the Pythagorean means 
even at extreme discount rates. Regarding complexity, the arithmetic formula is perhaps 
the simplest, but all the Pythagorean conventions are easy-to-use formulas. 

Discussion and conclusion 

Here, we discuss some interesting issues related to the above results. The first to be 
mentioned is that the geometric approximation is, in fact, the so-called mid-period 
convention, which is also known in financial practice. This convention aggregates all 
cash flows right at the midpoints of the periods, and its formula is:  

 ( )∑
=

+−+=
N

n

n

nM iAP
1

2

1

1 , which is equivalent to ( )2

1

11)( iPiPikP EEGE +=+=  (11) 

where PM is the mid-period present value. 

The harmonic approximation can be derived in an alternative way also. Having identified 
the two extremes of possible present values, and knowing that the present value of any 
approximation must fall between these boundaries, we can observe that the absolute 
values of errors relative to these two extremes change in opposite directions. That is, if 
the approximative present value is closer to PE, then its error relative to PE decreases but 
its error relative to PB increases, and vice versa. The maximum possible error is minimal 
when the absolute values of the two relative errors are equal. Formally: 
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This means that the harmonic approximation is the best among all the possible 
approximations with respect to minimizing the maximum possible error. 

A property of the Pythagorean means that may prove useful for future work is that PH < 
PG < PA for any positive PE and PB, provided that PE ≠ PB. From this it follows that if the 
majority of cash flows occurs in the first half of the period, then PA is the best of the 
three, and if they occur in the second half, then PH is the best of the three. Consequently, 
PG has a very narrow domain of superiority (around the midpoint of the period) compared 
to the other two. 

In conclusion, we find that the maximum possible computation error of the widely used 
end-of-period convention can be significantly reduced by simple formulas derived from 
the Pythagorean means of the end-of-period and beginning-of-period present values. In 
fact, the harmonic approximation is the one that minimizes the maximum possible error 
in general. Further research could be conducted to evaluate and compare the performance 
of the above conventions under specific cash flow pattern assumptions, especially in a 
multi-period setting with varying patterns. 
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Optimal dispatch planning of PHES plants 
György, Andor and András, Bohák 

Abstract 
Production and consumption of electricity have to be equal all the time because electricity is hard to store. 
This means that price of electricity fluctuates significantly following a well-known intraday pattern. The 
owner of a facility that is able to store electricity can use this fluctuation to generate profit: he can buy 
electricity at night, when prices are low and sell it at the peak hours, when prices are high. We use one year 
of hourly electricity price data of the Hungarian Power Exchange to build a model to forecast electricity 
prices. These forecasts are then used to plan the optimal dispatch of the storage plant using linear 
programming.  

Introduction 

The rate of production of most goods is naturally constant, while the consumption usually 
fluctuates over time. This natural phenomenon is commonly addressed with warehouses 
and other means of storage making sure that the production can continue even when 
consumption is low, while on the other hand making it possible to serve temporary high 
consumption without additional investment to the production systems. The optimal 
amount of storage used in any production line falls between two extremes: 1) with zero 
storage, storage costs are zero, but production and consumption has to be synchronized 
continuously; 2) with virtually unlimited storage, production and consumption can 
deviate significantly and has to be equal only on the long run.  

Since storing electricity is by far more complicated than storing any other commodity 
even modern electrical grids operate close to the zero storage extreme state, controlling 
the generation (and sometimes even the consumption) to make exactly equal all the time. 
This means that electricity has to be distributed simultaneously in space and time, it has 
to be carried where and when it can be consumed. If there is an imbalance between the 
amount of electricity generated and consumed at any moment the frequency of the system 
changes causing generators and/or consumers to disconnect from the network leading to 
massive blackouts in the worst cases. To avoid this situation there is a transmission 
system operator company (TSO) in every interconnected electrical grid responsible for 
maintaining the capacity balance of the power system. This involves specifying the 
required reserves and the capacities to be contracted for the purposes of balancing, and 
taking into account how fast, with what efficiency change and at what price each power 
plant is capable of following the changes ordered (mavir.hu). Due to the increased 
deployment of renewable generation and the high capital cost of managing peak demands 
large-scale electricity storage systems are increasingly in the focus of interest of TSOs.  

The revenue of any electricity storage comes from two main sources. First is the selling 
of ancillary services, i.e. the storage plant can get a continuous income from the TSO to 
stand by as spinning reserve and as a possible consumer of any excess energy generated 
in the network. The second source of income is electricity trading where the storage 
facility buys electricity when the price is low and sells it back when the price is high. The 
two sources are in natural conflict: if the storage is large, it can smooth out both the 
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supply and demand by trading electricity significantly decreasing the need of ancillary 
services.  
In our paper, we focus on the second source and use a simulation model based on hourly 
electricity price data of the Hungarian Power Exchange to forecast electricity prices. 
These forecasts are then used to plan the optimal dispatch of the storage plant using linear 
programming. 

Price forecasting in the Hungarian day-ahead electricity market 

Every day, each generator and consumer has to send a unit commitment plan for the next 
day to the TSO of the Hungarian Power System. The plan uses 15-minute blocks, so 
every participant has to commit its output (input) in each 15-minute period of the 
following day with a storage plant being no exception. We will focus on the unit 
commitment planning of a PHES maximizing its energy arbitrage profit. For this, we will 
first build a model to forecast the one-hour electricity prices. 

According to the course of the price shown in Figure 1 we can identify the characteristic 
properties of electricity prices (Muche, 2009): high volatility, daily and weekly seasonal 
patterns and extreme prices (especially in the low-demand hours), where prices often 
drop to as low as 0.1 €/MWh, the technical minimum allowed by exchange regulations.  

The purpose of our model is to forecast 
electricity prices to help unit commitment 
planning of a PHES plant. If the model 
incorporates a jump process, from time to 
time we have random jumps in the 
forecasted prices. However the optimal 
dispatch based on this forecast will only 
be optimal on the ex-post prices if the 
real jump occurs exactly in the forecasted 
hour, which (since jumps are rare and 
random) has an almost zero probability. 
This means that the inclusion of a jump 
process in our model would in fact 
deteriorate the performance of our unit 
commitment planning algorithm.  

The next issue to be addressed in the 
modeling is the strong seasonality of the data. When the seasonal pattern of a time series 
is stable over time, dummy variables may be used to handle the seasonality. However, the 
use of dummy variables can lead to inferior forecasts if the seasonal pattern is not 
deterministic (Tsay, 2005), so we use seasonal differencing to remove the seasonality of 
the data. In our case this method is also quite simple: from every price of the series we 
subtract the price corresponding to the same hour of the previous week.  

 at = pt − pt−168  (1) 

where at and pt are the seasonally adjusted and original prices at hour t.  
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Figure 1. Electricity prices for the whole dataset (top) 
and for April 2011 (bottom) 
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We chose the family of autoregressive moving-average (ARMA) models to model the 
seasonally differenced series. The series has significant partial autocorrelations at lags 1 
and the whole number multiples of 168 and 169. The statistical valuation of the data 
revealed that the explanatory power of an AR model is similarly high as that of an 
ARMA model, so we used only the AR model for simplicity. Before regressing the time 
series on the lagged values we also tried to include external predictors to the model, like a 
dummy variable to indicate if a specific day is working day. After the analysis of 
coefficients we found that these external predictors do not have a significant explanatory 
power.  

Optimizing the PHES dispatch 

If we have the exact electricity prices for the close future (e.g. next week) we can use the 
linear programming problem described by Lu et al. (2004) to plan the unit commitment 
of the PHES plant. The problem can be written in the following mathematical form: 
 bt ,  st , rt ³ 0,  (2) 

 rt+1 = rt − st +η ⋅bt  (3) 

 bt ,  st ³ g ,  (4) 

 rt ³ c ,  (5) 

 pt st − bt( )
t=1

T

³ → max  (6) 

where bt and st are the amount of energy bought and sold in the tth hour in MWh, rt is the 
amount of energy stored in the plant at the beginning of the tth hour in MWh, pt is the 
electricity price in the tth hour in €/MWh, g is the discharge capacity of the plant (in MW) 
which we assume to be the same as the pumping capacity (this assumption is realistic, 
since modern PHES plants use the same turbine in pump and generator mode), c is the 
storage capacity of the plant in MWh and µ  is the efficiency of the plant (i.e. the MWh 
amount of electricity which can be retrieved after the plant consumed 1 MWh in pump 
mode). The linear programming problem is to find the values of bt, st and rt, which 
maximize the total profit of the observed time period in Equation (6), while satisfy the 
constraints of Equations (2)-(5).  
The values of g, c and µ  are design parameters of the PHES plant. One of the possible 
uses of the results of this paper is to find the best parameters for a specific candidate 
location of the plant. The total storage capacity c depends on the size and altitude of the 
upper reservoir. The possible height difference between the lower and the upper reservoir 
is usually given by the natural elevation of the site; the size of the upper basin however 
can be chosen almost completely freely in planning time (the natural bounds for the size 
are usually loose). A larger basin usually has larger surface, which deteriorates the 
efficiency of the plant due to the higher evaporation loss. Working PHES plants around 
the world usually have storage capacities enough to operate on full discharge capacity for 
6-10 hours. The discharge capacity g depends only on the size and amount of turbines 
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deployed in the plant, so this parameter can vary freely. It is not economically feasible 
though to have a large discharge capacity with relatively small storage capacity. Finally, 
the efficiency of operating PHES plants lies in the range of 65-85% 
(Sioshansi et al., 2009).  

Numerical results and performance analysis 

With the model outlined in Section 2, we are able to predict electricity prices to the near 
future. We use these forecasts as pt and the linear programming method for unit 
commitment planning. The exact algorithm works as follows: 

1. We use the first 200 days of data to estimate the model parameters. From this we 
have an estimated AR(505) model to forecast the seasonally differenced price 
series.  

2. The unit commitment planning begins on day 200 (we are planning for day 201). 
At this point of time, the first 200 days of actual data are already known, so we 
use the seasonally differenced values of these days to forecast the hourly energy 
prices for the next 10 days. The model provides the forecasts of the adjusted 
series which have to be converted back to prices with a simple addition (e.g. the 
forecasted price for the first hour on day 201 is the already known price in the 
first hour of the 194th day plus the first forecasted difference).  

3. We feed the price forecasts to the linear programming problem as its pt 
parameters. This gives the unit commitment plan for the next ten days. We use 
only the first seven days of this plan (the reason of this will be clarified later). 

4. The product of the actual realized prices and the dispatch plan finally gives us the 
total arbitrage value captured by the plant on the given week.  

5. The algorithm continues from step 2 for the next week, and so on, until we reach 
the end of the dataset.  

Conclusions 

Modeling hourly electricity prices for PHES dispatch planning poses unique challenges. 
We showed that even though it is widely accepted that electricity prices have jumps it is 
not useful for our analysis to model these jumps as long as these are results of 
unforeseeable events like generator failures or extreme aggregate consumption. Based on 
our forecasting model and a linear programming problem, we managed to find the 
optimal unit commitment plan of storage plants.  
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Building a psychosocial development model for modeling and 
simulation of environmental resources management 

Flóra Ijjas, László Valkó 
 
 

Abstract  
We are living in a challenging world: population growth, growing food and energy demand, changing 
climate, water shortages – obviously society’s environmental resources management will be challenged as 
well. This paper presents the creation process of a psychosocial development model that is the first step of 
the main research project: ‘Simulation of sustainability dimensions”. The research aims the examination of 
struggling of psychosocial entities for environmental resources. For that purpose a Knowledge Attributed 
Petri Net based discrete simulation model1 will be used that is suited to map the eight psychosocial value 
system highlighted in this paper into reasonable experimental frames. 

Introduction 

Researches show that current levels of human consumption, in combination with growing 
population are contributing to climate change (Dietz & Rosa, 1994; Myers & Kent, 2003; 
Stern, Dietz, Ruttan, Socolow, & Sweeney, 1997). Climate change on the other hand will 
most probably lead to growing food, water and energy demand. However population 
growth will increase the global emissions anyway but a much larger increase would result 
if per capita emissions from energy consumption in developing countries increased to the 
developed countries level. This makes it even more imperative to understand how people 
make decisions that influence climate change through their behaviors. In order to 
understand the links between consumption and climate change - psychological, social, 
and cultural drivers of consumption need to be understood (APA, 2011) as consumption 
is strongly influenced by social and cultural context. Cultural norms identify appropriate 
behaviors: it is useful to see to which extent cultures value consumerism for example. 
Whereas environmental consumption is the use of resources and energy and economic 
consumption is spending money to acquire goods, consumerism is “a belief and value 
system in which consumption and acquisition rituals (e.g., shopping) are naturalized as 
sources of self-identity and meaning in life.”(p. 231; Zhao, Belk, 2008). 

This research uses the term social development: as human activities organized at more 
and more complex levels creating fundamentally new processes and results. Psychosocial 

development further integrates patterns of psycho development analogous to social 
development resulting in an integrated development model of both individual and 
collective human structures. Psychosocial development mostly takes place when life 
conditions change. For example when water resources become scarce, then different 
societies react differently according to their value systems. They may organize 
themselves at higher levels for example establishing strategies and programs that are 
more complex (however regression to lower levels is also possible). 

 
                                                 
1 The Knowledge Attributed Petri Net model is implemented in the CASSANDRA (Cognizant Adaptive 
Simulation System for Applications in Numerous Different Relevant Areas) system developed by the 
McLeod Institute of Simulation Sciences Hungarian Center at the Budapest University of Technology and 
Economics. 
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The model of psychosocial complexity evolution  

Different psychosocial models have been developed by Hamilton M. (Doctor of 
Philosophy in Administration and Management, Columbia Pacific University) Graves C. 
W. (Prof. Dr. Emeritus in Psychology, New York Union College) Cook-Greuter S. 
(doctorate for Postautonomous Ego Development, Harvard University) Maslow A. (Prof. 
Dr. former Head of American Psychological Association) the psychologist Piaget J. or 
the developmental psychologist Erick Erickson (Harvard Medical School). We’ve found 
that these models are based on the same principles and they are following similar 
dynamics. We have synthesized these models into an integrated model where most focus 
was given to Graves’ model as it proved to be the most applicable in practical questions 
and most applicable for modeling and simulation. 

The psychosocial development model of Graves (1970) is also called an emergent, 
cyclical, double-helix model of adult psychosocial systems development. Graves 
identified (1974) eight levels of existence that can be described by life conditions and the 
brain’s coping conditions. The eight levels are: A-N Automatic; B-O Autistic, C-P 
Egocentric, D-Q Absolutistic, E-R Multiplistic, F-S Relativistic, G-T Systemic, and the 
H-U Differential levels. ‘A’ stands for the neurological system in the brain upon which 
the psychological system is based. ‘N’ stands for the existential problems that can be 
coped with the ‘A’ neurological system. In the ‘A-N’ Automatic state ’N’ problems of 
existence arise and the ‘A’ neurological system is switched on in the brain.  

A-N is the first existential state when the human being can only focus on satisfying its 
physiological and biological needs. In B-O Autistic state man must assure the 
continuance of his life in his clan, in C-P Egocentric state he must survive as an 
individual, in D-Q Absolutistic state he must obtain lasting security in his existence, in E-
R Multiplistic state he must assert his independence as a person, in F-S Relativistic state 
he must live in a non-competitive way together with other humans, in G-T Systemic state 
he must truly learn life is interdependent, and in H-U Differential state he must learn to 
live a life that respects all different beings. The different states arise and come to stage in 
man's mind as each successive set of human problems are resolved. The model was later 
transformed by Wilber (1997); Beck and Cowen (1996) to be applicable in conflict 
resolution. (The result is called Spiral Dynamics Integral (SDI).)  

By further integrating the work of other researchers (e.g. Kohlberg, Armon, Mumford, 
Howe, Rawls, Loevinger, Fromm) and inspired by the Book of Changes (Blofeld, 1965) 
we have formed a developmental model of main needs, life conditions and mental tools 
in social systems which is useable in modeling and simulation of environmental resources 
management.  

Following table shows the eight major value systems we have formed with their main 
needs, their referring binary qualities based on TaijiQuan philosophy (Blofeld, 1965) and 
the codes of similar psychosocial levels formed by Graves (1974) Beck and Cowen 
(1996): 
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Fűr-Ijjas levels Graves-
Beck-
Cowan 
levels 

Main needs Needs: outer/inner  
Active/Passive 
Resources: outer/inner  
 

Surviving humans 
 

A-N 
Beige 
 

Bio-physical needs outer needs 
active 
outer resources 

Superstitious 
clans/tribes 
 

B-O 
Purple 
 

Temporary safety 
within group 

inner needs 
active 
inner resources 

Egocentric 
warriors 
 

C-P 
Red 
 

Individual safety inner needs 
active 
outer resources 

Conformist 
groups 
 

D-Q 
Blue 
 

Long term security 
within group 

outer needs 
active 
inner resources 

Creative hedonists E-R 
Orange 
 

Long term individual 
security, mental and 
behavioral 
independence 

inner needs 
passive 
outer resources 

Communities of 
human beings 

F-S 
Green 
 

Long term individual 
security within group, 
emotional freedom 

outer needs 
passive 
inner resources 

System-thinking 
human beings 

G-T 
Yellow 
 

Finding and realizing 
Self-worth 

outer needs  
passive 
outer resources 

Holistic 
community of 
human beings 

H-U 
Turquoise 
 

Finding and realizing 
self-worth within 
holistic system 

inner needs 
passive 
inner resources 

 
Fűr-Ijjas levels of psychosocial complexity evolution 

 
First steps of mapping psychosocial-environmental manifestations  
 
In order to understand how we can analyze a social action (e.g. regarding environmental 
resources) based on its internal level of psychosocial development linear independent 
types of attributes have to be found. We have found that the elementary types of 
attributes that aim to the description of the connection between the level and its 
environment can be following: set of needs (N); way of the actions taken to suffice needs 
by acquiring resources (A); and the set of resources that are handled by the entity (R). 
After determining the elements of the basic psychosocial-environmental relation the 
domain of analysis should be appointed. We have replaced the complicated formal 
descriptions of the attributes by the following binary qualities: 
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• Needs (N) can have two subsets: inner needs (e.g. need for self-expression, need 
for belonging, need for freedom, need for happiness, etc.) and outer needs (e.g. 
need for nutriment, need for heat, need for space, etc.) 

• Resources (R) can have also two subsets: inner resources (e.g. traditions, art, 
education, etc.) and outer resources (e.g. water, soil, flora, fauna, fossil fuels, etc.) 

• Actions (A) can be taken in two different ways: actively and passively. 
 
Conclusions 
During the process of model synthesis we have considered a very important analogy: the 
eight major value systems and the 3-tuple structure of the basic psychosocial-
environmental relation indicates the 23=8 decomposition of the Fűr-Ijjas levels. That kind 
of interpretation is well-known in the philosophy of TaijiQuan (in Book of Changes). 
Based on the mentioned analogies next part of the research uses a Knowledge Attributed 
Petri Net based simulation model to map the eight major value systems into reasonable 
experimental frames where the examination of struggling of societies for resources based 
on their level of psychosocial development becomes possible. 
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Dynamic modeling of adaptation indicators related to climate 
change from a socio-economic perspective 

Tamás Pálvölgyi – Nóra Szécsi 
Abstract 
Today, every socio-economic system is integrated into an environment shaped by constantly changing 
global trends. These systems cannot continue to function unaltered, thus they are forced to react in a 
spontaneous or conscious manner. The main aim of this paper is to examine adaptation processes related to 
evolving external circumstances through the theoretical concept of the adaptation capacity. Our research is 
based on the comparison and systemization of the evolution and continuous enlargement of the different 
dimensions and partial indicators of the model through a vast number of scientific publications and case 
studies. The primary result of the research is the delimitation of a group of indicators corresponding to the 
complex structures and processes. During the identification of our model we established 56 distinct input 
data sets and grouped them into separate clusters according to the three dimensions of sustainability. It is 
possible to model cause-effect and synergic relations, along with the evolution of indicators in time, using 
the methodology of fuzzy systems.  
 

Introduction 
 
 This paper reviews the concept of adaptation capacity in the context of adaptation 
of human systems to global changes, especially climate change. Before interpreting the 
dimensions of the complex indicator under discussion, it is necessary to define, explain 
and determine the adaptation mechanisms themselves. Only then can we determine the 
capacity in connection with this concept, and measure the complex factor element with 
indicators.  
 Adaptation in the context of human dimensions of global change usually refers to 
a process, action, outcome in a system in order for the system to better cope with, manage 
or adjust to some changing condition, hazard, risk or opportunity (Smit & Wandel, 2006). 
The definition is approached from a broader aspect based on time horizon, the effected 
measures of adaptation directed at enhancing the ability to tackle with external stress, so 
it requires taking preparations for the possible future impacts. Beside the anticipatory 
behaviour the adaptation does include minimising or reducing the unavoidable 
consequences of the altering process at the present and based on their degree of 
spontaneity they can be autonomous or planned (IPCC, 2001). Even though this concept 
was first applied in the natural sciences, especially in biology, the behaviour-centered 
intent of the original concept makes it relevant when examining global trends. 
Adaptability, in other words capacity to adapt, was created as a concept involving social 
sciences, because contrary to the long established random adaptation forms in nature, 
human dimension is characterised by consciousness, multi-faceted planning and 
prudence. The term capacity refers to the response time to the modifying circumstances. 
It is now recognized that societies that adapt quickly and easily to a range of stimuli, 
dispose of a higher adaptive capacity, and its factors as driving forces could influence and 
advance the adaptation process. Still, a measurable, normative approach to these 
capacities appeared only when the political and strategic tackling of global changes 
brought it to the forefront.  
 It is important to note that the evaluation of any adaptation process is plagued by 
uncertainty, since the outcome of future stimuli and the development scenarios of socio-
economic systems may lead to different alternatives. Therefore the flexibility and 
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predictive characters of capacities are extremely important, also from the point of view of 
partial indicators. Adaptive capacity is multidimensional: it is determined by complex 
inter-relationships of number of factors at different scales (Vincent, 2006). Furthermore, 
it is evident that adaptation capacity depends on a number of social, economic, 
institutional and technological factors, and comprises both quantitative and qualitative 
characteristics, requiring a holistic and integrated approach all through the modeling 
process. A common denominator of general concepts is that all they can provide is a mere 
snapshot of the capacities of a given system, without the changes in time (Engle, 2011). 
Concerning the chronological dimension, it is important to make a distinction between 
coping and adaptive capacity. Our analysis and base model do not venture to explore and 
measure capacities to cope, immediately or in short term, with well-known stimuli the 
subject encountered before (Adger et al, 2004). Adaptation capacities are, by their very 
nature, long-term processes, and refer to the capability to react to new, unexpected effects 
(Twomlov et al., 2008), therefore comprise more sustainable solutions (Smit & Wandel, 
2006). Our research is aimed at creating a new, dynamic adaptation model which 
complies with the requirements mentioned above and reflects the relations between 
partial index numbers. Before introducing the dynamic modeling approach, we will 
expand on the main tendencies in the scientific evolution of adaptation models. The 
analysis is carried out by comparing indicators.  
 
Development of adaptive capacity models 
 
 The quantitative definition of this concept was triggered by a general relational 
premise, namely that of a more developed economic system or country usually having a 
higher adaptation capacity towards external effects than a less developed region. 
However, this initial thought already leads to a contradictory situation. A paradox 
observation has been made in relation with the development of a given system: in 
seemingly stable natural conditions, including the access to natural resources, certain 
economic and production structures may form which, if they become exclusive, may 
divert the given system to an undesirable trajectory, reducing potential adaptation 
capacities and possibilities (HAS, 2011). Therefore it is self-evident that it is insufficient 
to depart from sheer economic resources and parameters.  
 Concerning the dimensions of capacities related to climate change, the relevant 
literature primarily refer to the third IPCC2 report (IPCC, 2001), which names 6 main 
areas:  
(1) economic resources; (2) technology; (3) information and skills; (4) infrastructures; (5) 
institutions; (6) equity. Obviously these areas are only attribute categories, and do not 
define specific, detailed indicators. The report underlines the tight interdependence of the 
factors, which may change in space and time. The weight given to each factor also 
depends on which system and which effect we are looking at, therefore these may vary. 
Within the system, access to and distribution of certain resources are of key importance. 
This is reflected in the last dimension. Human, political and social capitals have also been 

                                                 
2 Intergovermental Panel on Climate Change: The scientific intergovernmental body was established in 
1988 by the organization of the United Nations. The panel tasked with reviewing and assessing the most 
recent scientific, technical and socio-economic information produced worldwide relevant to the 
understanding of climate change. 
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taken into account, which marks the probable course of the models’ further development. 
A general conclusion is that besides generic factors – including mainly physical 
resources, fixed factors and native characteristics – the focus of research has moved to 
factors that enable specific, unique and innovative adaptation. Specialization refers to the 
measurement of the creation and transfer of knowledge, social networks, institutional and 
governmental issues, by indicators (Yohe & Tol, 2002; Haddad, 2005; Lemos & Engle, 
2010; Gupta, et al., 2010). 
 Reflecting on the role of human capital, a further aspect has been considered, that 
of individual psychological and cognitive effects. Based on the so called socio-cognitive 
models, research has been conducted to examine how and to what extent perceived 
adaptation capacity differs from the objective capacity values defined by indicators 
(Grothmann  & Patt, 2005; Alberina et al., 2004; Williamson et al, 2012). High 
adaptation capacity values do not necessarily trigger specific actions (IPCC, 2007). 
Therefore, the developers of models either tried to include, as an additional basic factor, 
an indicator reflecting willingness to act or they applied the cognitive approach described 
above. A third strategy is that, they set out to systemize indices along the threefold 
dimension of awareness, ability and action, thus attempting to determine which phase of 
adaptation a given society is currently undergoing and whether specific adaptation 
measures have been taken beyond resources (ATEAM, 2004; ESPON Climate 2011). 
 Practical applicability and the need for objective comparison of given systems is 
an obvious motivation for the quantification of an abstract concept. The most common 
method in empirical research is the spatial delimitation of indicators, which refers to an 
essentially country-based approach (Downing  et al., 2001; Yohe & Tol 2002; Parson et 
al, 2003; Brooks et al., 2005; Grothmann & Patt, 2005; Adger & Vincent, 2005; Alberina 
et al., 2006; Eakin  & Lemos, 2006; Twomlov et al., 2008; Lemos-Engle, 2010). The 
reasons for this are twofold: on one hand, policy planning applicability and the access to 
appropriate statistical input; on the other hand, the usage of this level is justified by 
theory, as local and sub-national processes are largely influenced by national policies and 
target values (Adger et al., 2004). Therefore, even though the effects themselves are 
specific to their location, the higher spatial levels ought not to be ignored when 
measuring adaptation capacities. In addition, researchers have made attempts at defining 
capacity on a regional (ATEAM, 2004; ESPON Climate 2011) and local/household level 
(Gupta, et al., 2010; Vincent, 2007), but these meant mainly turning the concepts top-
down.  
 When examining the development of models, it is worth noting that there are two 
distinct approaches to the basic concept. Theory-driven or deductive models (Vincent, 
2007) elaborate the concept of capacity by meticulously describing cause-effect relations 
on a certain level, and focus on the ability to comply with these. Data-driven 
methodology, however, intends to reveal relations and patterns among a large quantity of 
statistical data in an inductive way, and then draw conclusions as to the basic concept 
(Adger et al, 2004). Due to the intense need for data in this latter case, research is limited 
to national level. The scope of analyses is usually limited to the correlation between the 
number of natural disasters, the proportion of population exposed to hazardous 
phenomena, and mortality (Yohe & Tol 2002; Adger et al., 2004; Brooks et al., 2005; 
Alberina et al., 2006). This summary provides a short summary of  the research activity 
in this field to illustrate the complex nature of the different approaches of this concept. In 
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the next chapter we will present the new angle in our research, as well as key issues we 
intend to examine. 
  
New dynamic construct from the view of sustainability 
 
 One of the aims of our research was the synthesis of academic literature about 
modeling adaptation capacities, as described above. We studied a body of relevant 
publications, case studies and other research ranging from the IPCC Report 2001, 
considered a point of departure in the area, to the most recent scientific results. In our 
analysis we defined 21 adaptive conceptual frameworks based on relevance and 
references. We intend to highlight that, due to the heterogenous nature of the subject, as 
visible from the course of development, indicators and dimensions had been selected with 
different approaches, emphases and depth. Half of the modeling systems provided only 
aggregate dimensions, disregarding specific base factors. Taking these difficulties into 
consideration, we included 151 entry-level factors in the 82 aggregate dimensions of the 
final database. The large number of categories is due to redundant content and partial 
overlaps. The input base for the final cluster analysis comprises 56 distinct main 
indicators. 
 Based upon the development of modeling capacity, the main directions of further 
progress can be summarized in three points. The lack of dynamism (1) pointed out in the 
introduction is evident both internally and in the long term. On one hand it is obvious that 
dimensions do not affect the final capacity value equally. However, these relational 
differences were reflected solely in the relative weight of factors, taking factors to be 
independent from each other (ATEAM, 2004; Adger & Vincent, 2005; Vincent, 2007; 
ESPON Climate 2011). The real issue, beyond snapshots of adaptation capacities, is the 
future trend in capacities and the predictive nature of the model. By including the 
interaction of factors into the analysis, the model immediately comes to life and becomes 
dynamic. Complex global processes can be approached more realistically when taking 
internal dynamics into account.  
 The next issue (2) is how to shape the above mentioned relations into a model. 
There are both quantitative and qualitative factors at play. Indeed, due to special, varied 
factors related to society, the majority of these belong to the latter category. The 
comparison of indicators of different measurement units and characters was done by 
fuzzy systems. By examining direct two-way influences we can skip intermediary 
aggregate dimensions and directly generate alternative adaptation capacities by 
regrouping factors in different manners. 
 The third aspect (3) of the new structure is the criterion of sustainability. By this 
we mean, among others, the equal consideration for and harmonization of societal, 
economic and environmental systems. As highlighted in the introduction, research 
literature generally relates sustainability with adaptation capacities, but only on the long 
run. In addition, sustainability also figures among the potentially negative synergic 
effects of adaptation. Evaluation is related to the expected consequences of different tools 
of adaptation when they are applied in practice (Barnett & O’Neill 2010). In the case of 
so-called vulnerability surveys, adaptation capacity is often examined as part of a larger 
theoretical system (Smit & Wandel, 2006). Our research did not study this concept, 
however, it provides a point of view to evaluate ecological systems within the adaptation 
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capacity. In connection with climate change, the vulnerability concept treats both the 
climatic and climate-sensible indicators separate from the factors of adaptation capacity. 
Therefore, in practical, empirical research, natural resources rarely appear among factors 
of adaptation capacity. In the fuzzy modeling of our research, input data include intrinsic 
natural parameters independent of climate. Our model views economic and social contact 
points from this angle. 
 
Conclusions 
 
Our research offers an innovative interpretation of the model of adaptation capacity, 
regarding adaptation capabilities of a given socioeconomic system towards global 
external processes. Relying on a synthesis of research literature in the field, this paper 
explains the general trends in the development of models, as well as the most relevant 
shortcomings, and then deduces the criteria for a dynamic approach. During the 
identification of our model we established 56 distinct input data sets and grouped them 
into separate clusters according to the three attributes of sustainability. It is important to 
emphasize 32% of the indicators have direct connection to the dimension of environment. 
Relations are examined by fuzzy systems. The generation of alternative adaptation 
capacity indicators based upon relations between factors will be the subject of further 
research.  
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1. A brief description of the Doctoral School of Philosophy and History 
of Science 

 

The Doctoral School was established in 1997 to advance research in the field of 
methodological, historical, sociological and philosophical aspects of scientific and 
engineering phenomena. Building on the various backgrounds of its researchers, the aims 
of the Doctoral School are complex and integrated both in their subject and their 
methodology. This means on the one hand, that the different episodes in the history of 
science are considered to be integrative parts of their broader sociocultural context, and 
the epistemological and methodological analyses of the scientific development are carried 
out in connection to the wider history of societies. On the other hand, while trying to 
answer theoretical questions about science, evidence of historical research is also 
integrated and the results of philosophical investigations are applied in historical context. 
Methodologically, this approach combines historical data with sociological questions and 
analyses – each aspect followed depending on the given project. Accordingly, the 
Doctoral School developed close relations with the relevant institutes of the Hungarian 
Academy of Sciences, especially the Institute of Philosophy, the Institute of Sociology 
and the Institute of History.  

 

2. Research and development projects supported by TÁMOP-4.2.2/B-
10/1-2010-0009 
 
The Doctoral School pursues two research projects with the support of TÁMOP:  

(1) The methodological, social and moral dimensions of scientific research and cognition and (2) 

Historical aspects of science. 

 

2.1 The methodological, social and moral dimensions of scientific research and 
cognition 

The research identifies external factors behind scientific exploration. Whilst the logical and 
empirical conditions defining the validity of the statements and theories in (scientific) knowledge 
are considered to be internal factors, all the other elements decisive in establishing (scientific) 
knowledge are seen as external. The current research focuses on three such external factors and 
their possible interdependencies in different contexts, trying to determine the connection between 
them and what becomes accepted as scientific knowledge. 
 
(2.1.a) Closer examination of the sociological structures in the light of recent scientific practices 
has revealed that the traditional assumptions about the professional homogeneity of scientific 
communities are unsustainable. As a consequence, it has also become relevant what crucial 
factors had been neglected in the antecedent research of modern science. Reconsidering the 
structures and the social interactions of scientific communities, it follows that even (2.1.b) the 
conceptions about the development and nature of the norms  influencing the scopes of research 
and the reception of scientific results will have to be reviewed. This second sub-topic hence 
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focuses on the moral dimensions of science. At last (2.1.c) we examine the epistemological 
validity of the thesis that the “context of verification” can – at least theoretically – be independent 
of the external factors. Pursuing this we will try to demonstrate the presence and effect of external 
factors in the most internal domain: among the logical and causal tools of scientific 
methodologies. To exhibit the external factors in research methodologies it seems beneficial to 
look at the sciences of formal structures, and to show the external effects on mathematics and 
logic as well. 
 

2.2 Historical aspects of science 

The second research concentrates at the historical development of science. On the one hand we 
explore (2.2.a) different phases in the advancement of modern natural- and technological sciences 
and their cognitive and methodological aspects. Modern science can be divided in three stages 
regarding the micro-sociological structures of the scientific communities and the broader 
sociological embeddedness of scientific activities. The early phase is characterized by the 
institutionalization of research, the middle – ‘academic’ – stage by the socially prestigious 
exploration in the mainly independent institutions, while in the third – ‘post-academic’ – phase 
the structure and social role of scientific research is facing a thorough change. This last 
momentum requires the reconsideration of some epistemological and methodological 
foundations, which were elaborated and became standardized during the previous period. 
 
(2.2.b) Secondly, as in the first research project, we take into consideration the role of external 
factors in the development of scientific knowledge throughout social history of science. The 
recognition of the fact that scientific cognition historically determined emphasizes the role of the 
external factors . As shown by many scholars, in different periods it can differ greatly what 
problems are considered to be scientific, what methods are followed in researches, and what 
values are pursued by the researchers . It became the task of historical exploration to show and 
analyze the role of external elements in the story of scientific cognition. 
 
(2.2.c) Thirdly we investigate the historical development of the methodology followed in natural 
sciences. The philosophical and historical analysis of the advancement of the main scientific 
methods (verification, quantification, experiments, measurement etc.) and their innovations in 
modern and contemporary times is also part of the research. At last we focus on the historical 
problems of certain sciences like biology, physics, cosmology, mathematics etc. The general 
tendencies in the shaping of scientific methodologies can be – and are to be – examined with 
regard to specific problems influencing the historical and actual development of single 
professional sciences. 
 
 
3. PhD papers  

Paper 1: Mihály Héder: Computer Epistemology  

Paper 2: Róbert Hudy: The symmetry thesis of the Strong Program in the case of 
Polanyi's adsorption theory 

Paper 3: Gergely Kertész: The causal autonomy of the special sciences and difference-
making causation 

Paper 4: Zoltán Sallay: On the context of the EPR–Bell problem 
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Computer Epistemology 
Héder, Mihály 

 

Abstract 
If we define computing as the typical activity of computers – in contrast to other approaches that define 
computation as an abstract mathematical process – it will become evident that in some cases the result of 
computation is not only a function of the algorithm executed but also of certain physical processes. For 
example, random numbers, which are used in many algorithms, are usually generated by sampling the 
physical environment of the computer. In other words, we should not forget that computing is embodied, 
and different embodiments lead to different computation results. This article investigates what can be said 
about the question of emergent computing in light of computation’s embodied nature.     

 

Introduction 

The aim of this article is to explore the question of emergent computing: what does the 
term mean, and in what circumstances can computing be said to be emergent. 

Emergence is a philosophical problem that is several centuries old. In addition, in the last 
one or two decades, engineers trying to solve hard computational problems invented a 
solution that they call emergent computing. This development is not based on a dialog 
between philosophers and engineers; it is rather the result of the internal evolution of 
computer science, independent of the philosophical debates.  

We have to consider two different approaches to the problem of emergence, with 
independent roots, then. But this does not mean that emergent computing and the 
philosophical notion of emergence are incompatible.  

On the contrary, there is some literature already written discussing how emergent 
computing fits into the original philosophical debate. These works mostly draw the 
conclusion that computing can only be epistemically emergent, not ontologically. For 
most of the authors, the epistemic nature of computing means that for an observer, the 
computation produces a surprising, complex phenomenon. But the phenomenon is 
identical with a set of more primitive building blocks, which are manipulated by simple 
operations. So the complex phenomenon is not a novel entity existing on its own, no 
matter what the impression of the observer is.  

This view is the best summarized by Barry S. Cooper. He describes emergent computing 
like this: 1) An engineer creates a computation, using a program on level L1. 2) An ob-
server recognizes a complex phenomenon, or behaviour, like the typical complex 
dynamics of a stock market. Cooper calls this an L2 level observation. 3) For the 
observer it is not evident how the instructions of the L1 program lead to the phenomenon 
on L2. What is more, as many articles on emergent computing applications have reported, 
sometimes the connection is not immediately apparent to even the programmers 
themselves. Nonetheless, in this line of thought, an L2 phenomenon is really nothing 
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more than an arrangement of elements on L1, hence we can only say that L2 phenomena 
emerge in an epistemic sense.   

This article will argue that this image of computers and their computation is inaccurate. 
Re-placing our view of computers with a more accurate one enables a richer and more 
exciting interpretation of emergent computing. 

Embodied Computation 

The connection between an abstract calculation and its physical realization is not always 
as close as in the case of simple addition: for example, a stable Markov chain (a common 
tool in computing theory for describing certain stochastic processes that are 
characterizable by discrete states, and in which future states are only dependant on 
current states and not on past ones – that is the Markovian property) cannot predict the 
specific state of the process at a future point in time, only the possibilities of certain 
states.  
 
Following this train of thought, one quickly recognizes that the examples of emergent 
com-puting discussed above are very different from each other in the sense of 
mathematical defin-ability, even though all of them are computer applications. In the case 
of the Game of Life, we should get the same results with every implementation, as long 
as the implementation realizes the same rules. On the other hand, as will be discussed 
more thoroughly in the next chapter, the case of emergent computing is entirely different. 
The mathematical descriptions that are possible can offer only very general descriptions 
about the result of the computation. Still, these applications are dedicated to the creation 
of artifacts with very specific properties.  
 
The problem of embodied computing – like the problem of emergence – was explored by 
computer scientists independently from the philosophical discussion of embodiment. One 
reason that scientists’ attention turned to embodied computing was that certain problems 
ap-peared that endangered the sustainability of the fast pace of the evolution of 
computing hard-ware in recent decades. As MacLennan (2008) describes the situation, 
while earlier every bit was represented by a very large number of physical particles, in 
the latest systems this ratio has started to decrease. Systems in which the number of bits 
and the number of particles that store the bits are increasingly close have become a real 
prospect in the near future. For researchers working on a scale this small, and tackling the 
properties of matter that allow the storage and manipulation of more bits, the idea of 
different computer architectures quickly surfaced. The core of the idea is that strictly 
adhering to the Church-Turing computational principles is not always rational, especially 
if these principles do not fit the capabilities of the matter we want the computer to be 
made of. Maybe it is more rational to make computers that do not qualify as Church-
Turing implementations, but are quicker or more energy efficient in return. One approach 
is to tolerate a certain rate of error in the computation in order to gain dramatic 
improvements in speed. Certain applications do not need perfectly accurate calculations 
anyway (for example, in a fast-paced flight simulator, who would notice tiny errors in the 
movement of the water in the ocean below the plane?), and in other applications error 
pre-vention can be added at higher levels of the architecture (IEEE Spectrum, 2009).  
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Quantum computing also exploits the nature of matter to go beyond the Church-Turing 
computation. 
 
Emergent Computing 

Why is it so important to discuss the embodied nature of computation before analyzing 
emergent computing? Because, in the received view of computing, computations are 
mostly treated as algorithm realizations, and they are thus analyzed using algorithm 
theory.  
 
Let us return to the argument discussed in the first chapter: that the central element of 
emergent computing is surprise, which results when scientists create a computation 
program on level L1, and an observer recognizes a complex phenomenon on a higher 
level, L2. However, the argument continues, the observation on L2 is nothing more than a 
set of the elements of L1, which are in turn determined by any given state of the program.  
 
But the example of the evolutionary Game of Life shows that the pulsar pattern cannot be 
derived from the algorithm itself. We can only say that we see the product of an 
algorithm and other physical processes. 
 
Similarly, it is not true that a given state of a computation is always reducible to the 
previous state and through a finite number of steps to the initial state. Also, a given state 
of a computa-tion is not deducible from the initial state itself.  
 
If we want to explain the current state of a computation in general, than we have to record 
and take into account all of the input from physical processes since the initial state. And 
what we will see is that certain physical processes independent of the algorithm push the 
computation into a certain direction, for example by creating a pulsar. Another property 
that is often mentioned in connection to irreducibility is unpredictability. If we consider a 
computation that takes only initial parameters and then works inputless, we will find that 
every state really is deducible from the initial state; as a corollary, every state is pre-
dictable – by a faster execution of the same program on a different computer. This also 
means that the computation in question can have multiple realizations. This is not the 
case with evo-lutionary Game of Life, Nanopond, Tierra, or a word processor. Predicting 
the state of a given future step would involve not only calculating the algorithm faster, 
but also predicting the states of the physical processes that figure in the computing. That 
is, the processes used in random number generation (or, in the case of the word processor, 
my sentences). However, it was our intention that the processes in question should be un-
predictable. 
 
This does not mean merely that prediction is impossible due to some practical epistemic 
limi-tation. Neither the algorithm nor the external physical processes determine the 
outcome of the computation, and their relation is random. Unpredictability is only a 
symptom of indetermi-nacy in this case. 
 
Let us see what role certain elements play in the evolutionary Game of Life’s 
computation! The algorithm controls the direction of the computation and sets the 
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conditions that a certain state must fulfil. For example, one requirement might be that the 
fitness in generation n should always be higher than in n-1 (in this case, the less fit will 
always be left out), which results in a monotonous improvement, but has the danger of 
getting stuck at a local optimum. 
 
However, on a relatively small 100x100-sized grid, the number of possible patterns is 
10^3009 (the number of all particles in the universe is estimated as 10^87), and the 
algorithm itself is not able to compute which directions are promising. This is why we 
use the principle of evolution, and we include external processes to generate the required 
random numbers. These physical processes would, of course, not be able to create the 
pulsar in themselves either.  
 
The principle of the computation is realized by an algorithm, and the goal of the 
computation is also expressed as a fitness function that is used by this algorithm. The 
limits and boundaries of the states the computation can reach are also controlled by the 
algorithm. 
 
However, the success of the algorithm also requires a different set of (otherwise 
deterministic) processes that bear a random relation to the algorithm. 
The pulsar is thus reducible to the algorithm, to the processes, and to their random 
relation, and all three elements are required to make this reduction. This means that a 
holistic view of the nature of computing should be accepted, in which the computation is 
something more than its components. This is certainly more than epistemic emergence. 
 
Discussion and conclusion 

The aim of this article was to show that emergence in emergent computing is not to be 
under-stood in a merely epistemic sense, as the result of the computation cannot be 
reduced to the processes that are involved in its production. This is due the embodied 
nature of computation. The question of emergent computing is also connected to the 
question of the emergence of the mind in general, through the human who sets the 
algorithm and the goals. 

However, the relation between the emergence of the human mind and emergent 
computing could work in a different direction. By experimenting with emergent 
computing applications like machine evolution, we might gain a better understanding of 
the questions of emergence in biological evolution and the human mind. 
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The symmetry thesis of the Strong Program in the case of 
Polanyi's adsorption theory 

Hudy, Róbert 

 

Abstract 
The Strong Program, a research manifesto within Science and Technology Studies (STS) is recently 
criticized for its symmetry thesis. The comparison of Dayton Miller's aether-drift theory and Michael 
Polanyi's potential theory of gas adsorption reveals common, sociological factors, hence an interpretation 
for the Strong Program. 

Introduction 

Within the sociology of scientific knowledge (SSK), a main branch in Science and 
Technology Studies (STS), the Strong Program is more than thirty years old. Its main 
thesis originally claimed that in history of science the usual division of labor between 
philosophers and sociologist is wrong. Philosophers mostly deal with the successful 
stories in science, leaving only the failed, denied and unsuccessful cases for social 
analysis. Instead of this, the Strong Program declared that every knowledge claim may be 
the object of sociological explanation (Bloor 1976). This methodological approach is 
fundamentally in accord with the method of cultural anthropology, sociology and history. 
Furthermore, it was also anticipated by the Historical Turn of philosophy of science in 
the '70s mainly due Kuhn's Structure (Kuhn 1962). It was later suggested that the social 
aspects of scientific communities play important role in the working and restructuring of 
scientific ideas. Indeed, in the '70s sociologists and historians wrote several case studies 
in history of science where they presented explanations regardless whether the given 
theory counts as successful or abandoned today. 

The Strong Program was drafted as a methodological frame for this type of  research. 
From its four theses of causality, impartiality, symmetry, and reflexivity, the symmetry 
thesis is usually contested. It refines the causality principle that demands causal 
explanation for every kind of knowledge, and it claims that in sociology of science “the 
same types of cause would explain, say, true and false beliefs” (Bloor 1976, 7). No doubt, 
the mere term of 'same types of cause' may have many different interpretations, and it is 
easy to criticize. Indeed, many cases were enumerated, historical and hypothetical ones, 
where the symmetry thesis is broken or untenable. 

For example, Kemp (2003) claimed that in most cases it is rather obvious whether an 
experiment succeeded or failed. Given the clear account, the experimenter's reaction to 
the results usually differ considerably , and these imply different causal explanations for 
the behavior of scientist. Lewens (2005) presented another account that also denies the 
symmetry of explanation. According to this, scientists socialized in different communities 
may build up different systems of knowledge, and sociology has an important function to 
explain this. However, Lewens asserts that there are universal measures for evaluation of 
belief-forming mechanisms, and this seemingly breaks the symmetry of explanations. 
These and other current criticisms evidently raise the question, how to interpret the 
symmetry thesis. 
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In the following, we present two case-studies from the history of physics and physical-
chemistry, that reveal social factors working in the same way for the successful and 
unsuccessful, the accepted and the abandoned theories in science. 

The history of Dayton Miller's aether-drift experiments 

The experiments of Michelson and Morley in 1881 and 1887 are widely known 
because they have been proven to be fundamentally relevant to the theory of general 
relativity proposed by Einstein. Actually, Michelson and Morley aimed to measure the 
distortion of the speed of light caused by the movement of the instrument within the 
hypothetical medium of electromagnetic radiation called aether. The results were 
negligible compared to their expectations that provoked them to give up this research. 
There were many well-known factors that may have caused the effect, and the problem 
was put to rest arguing it needs further investigations. However, after Eddington's star-
observation experiments in 1919 the theory of general relativity became widely accepted 
among physicists, and the results of Michelson–Morley experiments became important 
pieces of evidence for it. 

Meanwhile Dayton Miller, a student and assistant of Morley worked on to eliminate 
the known disturbing factors in the original aether-drift experiments. With the improved 
experimental set, Miller carried out thousands of measurements, and surprisingly, he got 
a positive result for aether drift that he published in 1925, too. It was shortly recognized 
that if true, it would deeply contradict the theory of general relativity. However, Miller 
got the prize of the American Association for the Advancement of Science in 1926, and a 
significant part of the physicist community, including the skeptical Einstein, seriously 
considered the possibility of the existence of aether. In fact, several physicists and 
Michelson himself started to re-measure the speed of light by various instruments. 
Between 1926 and 1930 seven new experiments were carried out. They have been 
evaluated as showing the same result. The effects found in all these cases were much less 
significant than in Miller's, and all of them were taken as a 'null' result. Hence Miller's 
experiments became negligible anomalies that were put to rest in order to find an 
explanation of another kind. 

Dayton results laid unexplained for twenty years, till 1955, when Shankland, 
McCuskey, Leone and Kuerti re-evaluated the data and offered a statistical explanation. 
Miller's results are within statistical error, that is, non-significant. Since then numerous 
experiments of much greater accuracy have been carried out, and these convinced the 
overwhelming majority of the physicist community that Miller was wrong in this case. 
Consequently, it seemed right to set aside his results without an acceptable explanation 
and give a free way for the prevailing theory. 

The history of Polanyi's potential theory of gas adsorption 

Michael Polanyi's theory of gas adsorption was also known as flawed science for 
several years1. In 1914, he proposed a new formula on the mass of gas adsorbed on a 
solid surface. He presupposed that the force that accounts for adsorption is proportional 
with the distance between the surface and the gas molecules. This was called potential. 

                                                 
1 The story was discussed from the point of view of the sociology of science by Polanyi himself (see 
Polanyi 1963). 
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From this perspective, in accord with thermodynamics, under certain conditions, that is 
temperature, mass and quality of adsorbent the gas steps into liquid phase. These 
considerations about the one, and occasionally two-phase layer of adsorbed material 
resulted in consequences quite different from its rivals. Polanyi investigated the earlier 
empirical results for the adsorbed material given constant temperature, and found a 
relatively good coincidence with the ones predicted by his theory. 

1916, however, the prevailing physical theory explained atomic bounds by electrical 
forces only. This made Polanyi theory based on the concept of potential and gravitational 
forces between molecules totally untenable. Indeed, the origin of the force that exerts 
pressure on gas molecules was missing. Hence Polanyi received an overwhelming 
critique from his colleagues and Einstein himself. Polanyi reported that he “survived the 
occasion only by the skin of his teeth”, and the case almost broke his scientific carrier. He 
kept believing in his idea , and carried out a series of experiments that offered good 
supporting evidence it, even though there were some systematic deviations from it. 
Polanyi attributed it to the fact that the adsorbed layer is very thin, possibly 
monomolecular. This modification was accepted as he was giving up his original theory, 
and due to the serious theoretical objection Polanyi's theory with the supporting evidence 
was almost completely neglected. 

On the other side, Irving Langmuir's rival theory of gas adsorption that originally 
supposed that the adsorbed layer is monomolecular or less than monomolecular and 
driven by electrical forces was well in line with the prevailing theory of atomic bounds, 
and he was awarded a Nobel prize in 1932 "for his discoveries and investigations in 
surface chemistry". Polanyi's theory and the evidence supporting it sunk into oblivion in 
the scientific community. 

However, in 1933 a new type of atomic bounds was proposed by Fritz London, and it 
soon got widely accepted. It provided a firm theoretical support for Polanyi's model. It 
took yet another twenty years until the latter started to gain widespread acknowledgment 
among surface chemists. Langmuir's model is now known to have a restrained domain of 
application, and many current developments in the theory of adsorption go back to 
Polanyi's model. The earlier dismissal of Polanyi's theory proved to be mistaken . 

Discussion and conclusion 

One may argue that science and scientist are fallible, and explain the two cases 
accordingly in different ways. While scientific community rightly denied Miller's 
experiment, it made a mistake in Polanyi's case. However, when a new theory appeared 
that bridged the gap between the prevailing theory and Polanyi's model, the scientific 
community corrected the mistake. Even so Polanyi himself argues that the rejection of his 
theory was not a failure of the scientists. It concerns the methodology of science, and it is 
rather the way how science works and must be pursued. “The scientific method is, and 
must be, disciplined by an orthodoxy which can permit only a limited degree of dissent” 
(Polanyi 1963, 94). Even the scientific community that institutionally seeks out for new 
approaches should resist in some measure against the stream of suspicious ideas. 
Theories that clearly contradict the prevailing models and are rejected by scientific 
authorities are rightly put aside. Polanyi provides an institutional rather than an 
occasional explanation for both cases (Polanyi 1963, 93). 
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The common elements of the two stories are quite evident. Both theories, that of 
Miller and Polanyi strongly connected to earlier theories and experimental results. 
Further, they were supported by new evidence. They were rejected, nonetheless, because 
they could not have been reconciled with the prevailing theories, and the scientific 
community respected the opinion of a well-known authority. We could say with Polanyi 
that both stories are about the inevitable and necessary orthodoxy of science. 

In these cases we provided a sociological explanation, moreover, a symmetrical one. 
The social factors and their behavior are the same in both cases. The way scientific 
community received both true and false theories was explained by the same causes as far 
as it was possible. The sociological explanation is symmetrical as the strong program 
demanded. 
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The causal autonomy of the special sciences 
and difference-making causation 

Kertész, Gergely 
 

Abstract  
In recent years a new and powerful argument has arisen for the causal autonomy of the special sciences. Its 
proponents claim that the master argument against the causal autonomy thesis, the so called causal 
exclusion argument rests on a wrong conception of causation, because it identifies causes with sufficient 
conditions and therefore the argument is at fault. In what follows I will investigate whether the Lewisian 
counterfactual theory of causation provides a good candidate to reformulate the exclusion argument as an 
argument for higher level autonomy. The stake is high, because the proposed autonomy solution has a wide 
range of applications—all the properties of higher level special sciences are affected, like those in biology 
and psychology. 

Introduction  

We live in a time when there is a remarkable proliferation of the concepts of causation in 
the literature. Unsurprisingly this affects many areas of philosophy including the question 
concerning the causal autonomy of the special sciences. Nowadays many philosophers of 
science argue persuasively that the difference-making accounts of causation are better in 
grasping the content of our everyday concept of a cause and are also better candidates for 
explanatory purposes in science and in everyday life. At present there are at least three 
main theories in the mentioned genre: the Lewisian theory, the contrastive theory and the 
interventionist theory. Here I will investigate whether the Lewisian theory is a good 
enough candidate to argue for the causal autonomy of the special sciences. 

The exclusion problem revisited 

The master argument for autonomy is the so called multiple realizability argument that 
initiated the trend of non-reductive physicalism. One of the most important attacks 
against this thesis, and against non-reductive physicalism, the so called exclusion 
argument, was provided by Jaegwon Kim2. Kim asks, how mental (or other higher level) 
properties could make a causal difference if they weren’t identical with neurological or 
other lower level physical states. The argument starts from four simple and plausible 
assumptions:  

i. The distinctness of higher level states from physical states: higher level states can 
cause other higher level states and also physical states so they are causally 
efficacious on their own right, they are not epiphenomenal. 

ii. The causal closure of the physical realm: every physical event has a sufficient 
physical cause. 

iii. There is no causal overdetermination: effects are not systematically 
overdetermined by causes from different levels of reality. 

iv. The supervenience of the higher levels on the physical: there can be no variation 
in higher level states without variation in physical states. 

                                                 
2 Kim, J., 2005. Physicalism, Or Something Near Enough. Princeton: Princeton University Press. 
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           figure 1. 
 
Kim argues that (ii), (iii) and (iv) together contradict (i). In his view in the causal 
competition between the higher levels and the physical level the winner is the physical 
level and it excludes all higher level causation from the causal history of natural systems. 
As figure 1. suggests, according to Kim’s view higher level states are causally inert. 

For the purposes of this paper the hot spot is in assumption (ii). Therein Kim presupposes 
a specific notion of causation, the so called productive notion. This notion implies 
roughly that causes are sufficient conditions for their effects. Traditionally the notion of 
causation is analyzed mainly as such, but this notion seems to be insufficient and 
problematic. The so called INUS analyses and the physical process account are sufficient 
examples to clarify the basic problems concerning the sufficiency of the sufficient 
condition approaches. To motivate the discussion, in the next two paragraphs I will 
summarize in brief some well-known problems these interpretations face.  

In the perspective of the Mackiean INUS view3 for an event to count as a cause in 
accordance with everyday usage a condition has to satisfy more than the INUS (an 
insufficient but necessary part of an unnecessary but sufficient) condition, it also has to 
be relevant for the occurrence of the effect in a specific situation. The decision on the 
question of relevance implies a decision between causes and background conditions. 
Mackie thinks that this is carried out by pragmatic means. So, being an INUS condition is 
necessary for being a cause, but it is insufficient to be one. From this it follows that a 
cause is more than a kind of a sufficient condition, it is a kind of a difference-maker with 
respect to an effect in a specific situation.  

The conserved quantity account also suffers from a similar problem, the problem of 
misconnections4. Suppose that Josef throws a brick through the window, while Suzy 
watches in dismay. Then it seems that Josef's watching does not cause the window 
shattering. But there is a transfer of conserved quantity connecting Josef’s watching to 
the shattering. When he watches there will be photons connecting him to the shattering 
event. But no one would count those photons as causes of the shattering effect; therefore 
the transmission view provides only a necessary but insufficient condition for causation. 
This objection might seem to be superseded by means of fine-graining the processes 
involved. The photons have some effect on the brick and on the window if only a very 
small one. But this solution is a dead end, because it tacitly supplements the transference 
view with a difference-making intuition.  

                                                 
3 Mackie, J. L. 1974. The Cement of the Universe. Oxford: Oxford University Press. 
4 Schaffer, Jonathan 2001. Causes as Probability-Raisers of Processes. Journal of Philosophy 98, pp. 75-
92. 
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On grounds of all this as suggested by Peter Menzies5 the exclusion argument might be 
neutralized and reinterpreted by the reformulation of (ii). We simply have to replace the 
notion of cause in the assumption with a difference-making concept.  

− iia. The causal closure of the physical realm: every physical event has a 
difference-making physical cause. 

And then we might revise the conclusion of the exclusion argument. For all distinct 
properties M and P such that M supervenes on P, M and P are not both difference-making 
causes of an effect state B. Now suppose that higher level states M1 & M2 have different 
physical realizers (M1 - P11, P12 | M2 - P21, P22). In that case, it can be shown, that M1 
mental state excludes its realizers from the causal history of the M1-B system, because 
changing P11 to P12 does not make a difference to the behavioral state B. In other words 
the physical state is not proportionate to the effect. But the higher level state is! Changing 
M1 to M2 would change B to non-B. As Menzies puts it, in cases of multiple realizability 
the higher level property is the relevant cause and in other cases the lower level cause is 
the relevant one. 

In the next chapter I turn to the question whether the Lewisian account of causation is 
suitable to do the work required for the above argument or one has to turn to other 
difference-maker theories to make it plausible. 

The Lewisian account and the exclusion argument 

The difference making account defended by Lewis is committed to the view that 
causation is a chain of counterfactual dependences. This view includes that it is a 
transitive relation between events. Lewis has at least three independent reasons for 
adopting transitivity in his picture of causation. 

a) It underlies our practice of explaining events via their causal histories.  

b) It makes possible to speak of distant causes. If we want to account for causes and 
effects that are not connected in space and time the best way is to introduce the 
notion of a causal chain. Pairs of events separated in space and time can be treated 
as causes and effects if they are connected by a causal chain where all the links 
are connected in space and time in couples. 

c) It solves the problem of early preemption for the Lewisian account of causation.  

On grounds of these reasons the transitivity of causation seems to be firmly justified. 
However, there are some well-known examples presenting a frustrating dilemma for the 
Lewisian. I will exemplify this class of examples by the case of the runaway train:  

          figure 2.         

                                                 
5 Menzies, Peter and List, Christian 2011. The Causal Autonomy of the Special Sciences. In: McDonald, 
Cynthia and McDonald, Graham, (eds.) Emergence and causation. Oxford University Press 
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The case is pictured in figure 2. Here we have a runaway train that flashes towards the 
train station and in E it crashes into the building and causes a great havoc. In its way 
there is a switch that might change its route to E. On the one hand it is self-evident that 
the position of the switch is irrelevant to the occurrence of E or in other worlds the switch 
does not make a difference with respect to E. On the other hand by transitivity there is a 
causal chain from the switch to E via L1 or L2 depending on the position of the switch. 
Here the Lewisian faces the above mentioned dilemma. She can either abandon 
transitivity or abandon difference-making. The latter possibility would make the whole 
Lewisian project pointless. The first would lead to farfetched losses regarding the 
explanatory power of the theory.  

There is a way out from the dilemma most philosophers tend to reject. It is causal 
pluralism. According to the pluralist view causation is a disjunctive notion. The context 
of application and the relevant explanatory question determines which component of the 
disjunction is used in identifying causes and effects. The reason why most theorists try to 
avoid pluralism is that a univocal theory is regarded to be more parsimonious, but as 
some authors working in the Lewisian tradition claim, this price has to be paid if there is 
no viable univocal candidate theory6. But by accepting pluralism the uses of the theory 
are lessened with respect to our main topic. The reason is simple. Supplementing the 
pluralist theory into (ii) has a different result: 

− iib. The causal closure of the physical realm: every physical event has a 
difference-making physical cause or it has a transitive cause. 

Conclusions 

From the above definition it follows that if an event becomes a cause by transitivity it is 
not necessarily a difference-maker cause. When it is not a difference-maker and when the 
cause is multiply realized the relevant higher-level property will not make a difference. 
This has the result that at least in some cases of multiple realizability higher-level 
causation will not occur. So in (iib.) it is apparent that the Lewisian theory of causation is 
not a suitable candidate for replacing causes as sufficient conditions in (ii) if the aim is to 
guarantee higher-level causation in cases of multiple realizability. Therefore the Lewisian 
account of causation is not a suitable candidate to revise the exclusion argument in 
accordance with the view proposed by Menzies. 
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On the context of the EPR–Bell problem 
Sallay, Zoltán  

Abstract 

The majority of philosophers of physics seem to accept John Bell’s conclusion that the violation of Bell’s 
inequality (BI) forces us to accept either nonlocality or the “death of reality”, since no “local realistic” 
theory is compatible with the measured (and predicted) correlations of quantum mechanics. From the early 
80s on there is a growing group of critics of this conclusion (the so called “probabilistic opposition”), 
mostly physicists and mathematicians, who claim that the BI—contrary to its historical appearance—needs 
a different interpretation, namely the non-Kolmogorovness of the correlation data. 30 years ago this answer 
seemed to be an uninteresting objection; nowadays it is giving way to interpretations of completely 
classical in nature, evading the strong metaphysical conclusion of the received view. I will present some of 
these new approaches and briefly investigate the history of the past debates, trying to identify the possible 
causes of the shifting weights of arguments. 

Introduction 

The EPR problem has a long history, with a changing theoretical-metaphysical stake. 
When in 1935 Einstein, Podolsky, and Rosen formulated their reservations with respect 
to Bohr’s version of quantum mechanics, their focus was on the incompleteness of the 
theory: the causal worldview of relativity theory seemed to point out the need for a 
deeper description, missing from the so called Copenhagen interpretation. In 1964 John 
Bell looked at the problem from a different angle, and tried to pose the question of 
compatibility of the two great theories of the 20th century directly. His question was the 
following: is it possible at all that a hidden variable theory (of any kind) is compatible 
with the predictions of quantum mechanics? The answer was his famous derived 
inequality:7 

 )(1)()( ACEBCEABE −≤−  (1) 

If the measured correlations satisfy this, the hidden variable project (in theory) can be 
carried out; if not, one of the assumptions made during the derivation, namely locality 
(that there’s no direct causal relation between spatially separated systems), or the 
existence of hidden variables themselves, must be thrown away (Bell 1987). 

The derivation didn’t need anything from the formal and logical structure of quantum 
mechanics. The latter was connected only with the results: the predicted probabilities in 
an EPR-type experiment violated the inequality. So in the 60s the crucial question was 
that which conception of the world is right: the “common sense” view, based on two very 
basic assumptions, or the mind-bending quantum theory, with a “spooky action at a 
distance”, as Einstein had put it. 

It is well known that the experiments that followed approved the violation of BI and the 
predictions of quantum mechanics, so the scientific community was facing the dilemma: 
either they give up the causal order built in relativity theory, or the reductionist project of 

                                                 
7 With respect to the details I refer to the extended literature on BI (for a review see Shimony 2009). 
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modern science, the hope that we can dig deeper and deeper, finding hidden components, 
structures and mechanisms. In the 80s, after that many possible objections (the so called 
“loopholes”) had been averted, most philosophers of physics accepted this general 
conclusion (Shimony 1984, 2009; Redhead 1987), and many of them were convinced that 
essentially we have to go with the nonlocal characteristic of nature, so well gripped by 
quantum mechanics and the concept of entanglement (see e.g. Albert 1994). 

The critique from probability theorists 

In the early 80s a new kind of “loophole” emerged. Three independent authors discovered 
almost coincidentally that there was another non-trivial assumption in Bell’s derivation 
which could be blamed in case of violation the inequalities, namely the assumption that 
there exists one joint probability distribution for all observables of the experiment 
(Accardi 1981; Fine 1982; Pitowski 1982). It turned out that the BI is formally the same 
as the mathematical conditions of the possibility of embedding correlation values into one 
Kolmogorovian probability space.8 So if the correlations violate these conditions, that is 
the sign of the non-existence of a common probability space, the sign of non-
Kolmogorovness. 

These results were in line with decades of attempts to give an exact algebraic formulation 
of quantum theory which showed that the logical-probabilistic structure of the theory is 
not compatible with the Boolean structure of classical theories. Fundamentally different 
algebraic structures were found which required the relaxation of some conditions of 
ordinary probability theory, and altering the logic was also taken into serious 
consideration. The concepts of quantum logic and quantum probability reached their 
popularity in the 80s, after the above mentioned results showed that even these 
macroscopically measurable quantum correlations cannot be placed in a classical 
probability framework. 

How well did this recognition serve as a loophole? Not too well, as quantum probability 
remained the preferred concept of a rather small, mathematically inclined community. 
And what is worse, the philosophers immersed in this topic found this formal answer 
insufficient to avoid the occurrence of nonlocal correlations in the case of entangled 
systems. 

A new wave of the probabilistic opposition 

As it seems today, non-Kolmogorovness is an everyday condition. Completely classical 
systems can produce such numbers. It is not straightforward that any measured set of 
numbers can be embedded in one (classical) probability space. Bell-like inequalities only 
show that it is possible or not. In the latter case one can speculate about the causes of it. 
Of course in the EPR-case nonlocality (via superluminal causal connections or any other 
way) is a possible option, but not necessary at all. 

                                                 
8 It is an interesting historical fact that these conditions were found much earlier and fully independently of 
any specific physical problem, including the question of quantum mechanics and locality. These results 
were completely unknown and were found only in retrospect in the light of the EPR problem (Khrennikov 
2008). 
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Locality is an important feature of modern physics and information science, framing our 
causal worldview. Without weighty reasons scientists won’t give it up. Locality’s case is 
supported by the so called no-signalling principle (the impossibility of superluminal 
transmission of information), which seem to hold in the case of entangled quantum 
systems as well. So the question arises: what can be blamed for the non-Kolmogorovness 
of correlation data? A global or a local feature of the world? I suggest holding on to a 
local option, leaving a global answer (giving up locality or logic) as the last resort. 

What kind of local possibilities can be imagined? Several toy models have been built, for 
example Fine’s prism model, or Accardi’s chameleon dynamics, which are 

• completely classical 

• causally local 

• and reproduce the EPR–Bell correlations. 

The question arises: if these classical models do exist, how come that Bell’s result 
seemed to exclude them? The formal answer is easy: the assumption of joint probabilities 
hid these possibilities. The experimental side of the problem is more interesting: How is 
it possible that the measured data violates the inequalities? Isn’t it an unmistakable sign 
of the fundamentally non-Kolmogorovian (quantum) nature of the world? Only if we take 
the measured data to represent the quantities needed for the equation, viz. the 
probabilities and correlations between events A, B, and C. How can we say that they do 
not? In general the answer is that data from incompatible experimental contexts have 
been brought together, A, B, and C are not events in the same probability space. 
Specifically, the counted events in these experiment are not those probabilities and 
correlations they seem to be. If not, then they must be conditional probabilities of some 
kind. 

These hypothesized conditions are not completely new for the quantum physicists: the 
somewhat vague “contextuality” of measurements was introduced to refer to the same 
problem. The task of contemporary physics is to find an underlying, coherent mechanism 
that reproduces the measurement predictions of quantum mechanics as conditional 
probabilities. 

Emerging views 

The above story has a remarkable characteristic: practically no empirical evidence arose 
in the field in the last decades which would not support fully the predictions of quantum 
mechanics, and roughly the same can be told about the theoretical advances. Why, then, 
do we see a re-evaluation of earlier viewpoints and arguments? Or to put it in a more 
“whiggish” way: Why people 30 years ago didn’t see the validity of the answers of 
today? These questions would need thorough historical investigations which I have to 
postpone for now. Let me just sketch a few possible factors, from the harder states of 
affairs to the softer ones: 

• the ignorance about modern probability theory 

• the broadening movement of quantum probability and quantum logic 

• the exact empirical corroboration of the predictions of quantum mechanics 

• the fair sampling condition misidentified with the detector efficiency condition 
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• the vague enough notion of contextuality, allowing “to box” the problem 

• the myth of crucial experiment 

• the “loophole-speak” 

• the moral of the Einstein–Bohr debate and the triumphant Copenhagen 
interpretation 

Conclusion 

The EPR–Bell problem is one of the most intriguing questions of 20th century physics, for 
science and for reflections on science alike. After eight decades it seems that new 
answers are emerging which can save the locality principle. For a philosopher of science 
it is important task to analyse these ideas and proposals, while reconsidering the old no-
go arguments in the light of the new ones. For an historian of science these comparisons 
can tell a lot more: about the historically changing evaluation of arguments, the inertia of 
concepts and beliefs, the non-rational aspects of scientific debates—that is, about the 
social epistemology of science. 
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