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Preface

The aim of this lecture note is to help pharmacy students of the University of
Debrecen to the successful completion of the pharmaceutical- and bianalytical chemistry
course. It was a problem until now, that there was not available a unified book or lecture note,
so separated books had to be used for the different topics. My goal was to create a lecture note
which includes the latest and most modern methods in order to give competitive knowledge to
the students
Currently, the trend in the pharmaceutical industry and bioanalytical measurements is
that the analytes of interest in very low concentrations must be measured from lower and
lower sample volumes. This note presents various instrumental analytical techniques, sample
preparation methods, in vitro and ex vivo systems which are frequently used in the drug R &
D-, production- and quality control-processes and in pharmacokinetic, toxicity and drug
metabolism studies. Because the detailed discussion of the techniques is not possible in this
note at the ends of the chapters I suggested books which deal with the given technique in
detail.
I hope that this lecture note greatly facilitates the preparation of students for
examinations and that after graduation they can use it as a reference.

Debrecen, 31/10/2011

István Bak
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I. Introduction

Instrumental analytical chemistry is a scientific field which includes a huge amount of
different techniques. These techniques are widely used in different parts of the research, drug
developement, quality control, clinical diagnostics, structural analysis and many many more
(Figure 1.).
drug research, toxicology, PK, PD, metabolism, clinical pharmacology
Drug R & D
diagnostics, TDM

drug developement

Analytical techiques
quality control

forensic science
Life Sciences

proteomics, genomics, metabolomics
Figure 1.: Application of analytical techniques (PK: pharmacokinetics; PD: pharmacodynamics; TDM:
Therapeutic Drug Monitoring)
st

In the XXI century there is an increased demand during the drug research and development
process, drug synthesis, and drug therapy, in the analysis of the structure and concentration of
different analytes can be found in very low concentrations in the samples. For the sake of this
it is necessary the preparation of pure substances, the separation of the analytes of interest
from the impurities or the possible elimination of the unnecessary matrix components. So
nowadays the “instrumental” analysis involve not simply the measurement itself, but also a
complex process including sampling, sample preparation, measurement and evaluation of the
results as well. The increasing quality claim on the market requires the analysis of a great
number of samples in a short period of time. Thus, improving progress can be observed in
reducing the volume of samples, in the development of high-through screening methods and
in automation. In order to get accurate and reliable results, it is necessary to know the applied
techniques as well as the information they provide, very well.
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II. Structural analysis of small organic molecules

The most of the drugs on the market are synthetic, less part are semi-synthetic or has
natural origin. The drug research and development is a very long (5-10 years) process through
which screening of thousands of compounds is necessary. Often a well characterized molecule
with well known pharmacological effects is modified; however, it is possible the chemical
modification of a natural structure (semi-synthetic process) as well. Does not matter which
process is applied, in every case necessary the characterization of the newly synthetized or
isolated molecule in detail. Beside the physical properties the structure of the molecule is
analyzed using different analytical techniques. We can get useful information about the
structure if we investigate the ultraviolet-visible (UV-VIS), infrared (IR), mass (MS) and
nuclear magnetic resonant (NMR) spectra of the molecules.

II.1. UV-VIS spectrophotometry

Information content of the UV-VIS spectra far less compared to the mentioned above,
however, during the structural identification of a compound it is necessary to measure the
UV-VIS spectrum because it could give us important information about the possible
byproducts, intermediers, or the purity of the reaction products either in the drug research or
in the production.
In that case when UV-VIS spectrophotometry is used only for quantitative
measurements we can get important information from spectrum-structure relationships,
because based on these it is possible to determine the detection wavelength or whether there
are any disturbances at the given wavelength and so on. This shows, although the information
value of UV-VIS spectrophotometry relatively low but UV-VIS spectra give important
supportive information in the structural identification of a molecule.
The 200-780 nm region of the electromagnetic spectrum is the UV-VIS range, which
can be found between the X-ray and IR radiations (Figure 2.). Light absorption in this range
induces electronic transitions between the highest occupied (HOMO) and lowest unoccupied
(LUMO) molecular orbitals. The UV-VIS spectra originate from the excitation of the
electrons, therefore UV-VIS spectroscopy often mentioned as electronspectroscopy.
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Figure 2.: the electromagnetic spectrum

When atoms become molecule molecular orbitals with higher (antibonding-σ*) and
lower energy (bonding-σ) are formed from the atomic orbitals. That kind of molecules in
which atoms with non-binding electron pair can be found has non bonding (n) molecular
orbital also. The energy of non bonding orbitals is higher than the energy of the bonding, and
lower than the energy of the antibonding orbitals (Figure 3.).

σ∗

E

π∗
n
π
σ
Figure 3.: energy of molecular orbitals and electronic transitions

The absorption of UV or VIS radiation corresponds to the excitation of outer electrons.
Possible electronic transitions of σ, π, and n electrons can be seen in Figure 3.
σ → σ* transitions: an electron in a bonding σ orbital is excited to the corresponding
antibonding orbital. The energy required is large. Absorption maxima due to these transitions
are not seen in typical UV-VIS spectra, it is seen in the vacuum-UV-region.
n → σ* transitions: saturated compounds containing atoms with lone pairs (non-bonding
electrons) are capable of these transitions and usually need less energy than σ → σ*
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transitions. These can be initiated by light whose wavelength is in the range 150 - 250 nm.
The number of organic functional groups with n →σ* peaks in the UV region is small.

n→ π* and π → π* transitions: most absorption spectroscopy of organic compounds is based
on transitions of n or π electrons to the π* excited state. This is because the absorption peaks
for these transitions fall in an experimentally convenient region of the spectrum (200 - 700
nm). These transitions need an unsaturated group in the molecule to provide the π electrons.

That groups which possess absorption alone in the UV-VIS region are called as
chromophores, while other functional groups which modify the absorption of a chromophore
are the auxochroms.
The absorption of molecules depends on the wavelength of the light applied. If we
measure the absorption on each wavelength and plot the absorbance versus the wavelength we
get a characteristic curve, so called absorption spectrum of the investigated compound. There
are absorption bands and maximums on the spectra. There is strong relationship between the
position, intensity and shape of the band and the structure of the molecule. The applied
solvent in which the compound of interest is dissolved has a strong effect on the shape and
position of the bands. Peaks resulting from n → π* transitions are shifted to shorter
wavelengths (blue or hypsochromic shift) with increasing solvent polarity. This arises from
increased solvation of the lone pair, which lowers the energy of the n orbital. Often, the
reverse (red or batochromic shift) is seen for π → π* transitions (Figure 4.). The increase in
the intensity of a spectral band due to substituents or interactions with the molecular
environment is called hyperchromic, the opposite of it is referred as hypochromic shift.

A

hyperchromic

hypsochromic bathochromic

hypochromic

λ
Figure 4.: spectral effects
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This chapter is a simplified and very brief discussion of UV-VIS spectrophotometry.
There are much more complex situations encountered in practice, because there would be
more excited electrons in a relatively simple molecule result in complex, broad, overlapping
bands making it difficult the interpretation of the spectra. The detailed discussion of UV-VIS
spectroscopy is not possible in this note, especially the description of characteristic spectra of
different compounds. Who wants more information about UV-VIS spectrophotometry and its
application in the analysis of different compounds I suggest the following book: Michael G.
Gore (Editor), Spectrophotometry and Spectrofluorimetry: A Practical Approach.

II.2. InfraRed (IR) spectroscopy
The infrared range (14000 cm-1-20 cm-1) of electromagnetic spectrum can be found
between the UV-VIS and microwave region (Figure 2.). The IR region is divided into three
regions far, mid and near. In structural analysis we use the mid IR region, also referred as
analytical IR which starts at 4000 and ends at 400 cm-1.
The energy of the IR radiation is enough to excite only the vibrational and rotational
transitions of a molecule, however, we get IR spectrum if there is a change in the dipole
moment of the molecule. This means that homonuclear diatomic molecules are IR inactive.
There are two types of vibration can be distinguished, the stretching (ν) and bending (β, δ, γ)
vibrations. The first one along the bonds, extension or shortening of the bond (Figure 5.),
while the other case; the bond angles change (Figure 6.). In the case of polyatomic molecules
or groups we can differentiate symmetrical and asymmetrical stretching vibrations. (Figure
5.).

asymmetrical

symmetrical

Figure 5.: stretching vibrations
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Bending vibrations are classified as in plane and out-of-plane, which would be scissoring and
rocking in the case of in-plane vibrations; while in the other case there would be wagging and
twisting vibrations (Figure 6.).

β, scissoring

β, rocking

ip

δ, wagging

ip

γ, twisting

oop

oop

Figure 6.: bending vibrations (ip: in plane; oop: out of plane)

Diatomic molecules have only stretching vibrations while polyatomic molecules have a
diverse range of vibrations result in a more complex IR spectrum. Polyatomic molecules
containing many (N) atoms will have 3N degrees of freedom (translational, rotational, and
vibrational). Subtracting the rotational and translational motions from 3N, there are 3N−5
degrees of freedom for any linear molecule (for example: CO2) and 3N−6 for any non-linear
molecule (for example: H2O). N in both examples is three, and so CO2 has four vibrational
modes and water has three. The degrees of freedom for polyatomic molecules are summarized
in Table 1.

Table 1.: Degrees of freedom for polyatomic molecules.
type of degrees of freedom

non linear molecules

linear molecules

translational

3

3

rotational

3

2

vibrational

3*n-6

3*n-5

total

3*n

3*n

From this simple equation it is easy to calculate the numbers of vibrations of a polyatomic
molecule, theoretically how many bands can be seen in the spectrum but it is not true in the
practice. The reasons are that the complex vibrations of polyatomic molecules originated from
fundamental vibrations. Furthermore, there are other factors that may complicate the
interpretation of infrared spectra. These factors should be considered when studying spectra as
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these can result in important changes to the spectra and may result in the misinterpretation of
bands. The number, place, shape and intensity of the bands are influenced by the appearance
of overtone and combination bands. Overtones are analogous and are multiples of the
fundamental frequency. The energy required for the first overtone is twice the fundamental,
assuming evenly spaced energy levels. Since the energy is proportional to the frequency
absorbed and this is proportional to the wavenumber, the first overtone will appear in the
spectrum at twice the wavenumber of the fundamental vibration. Combined bands arise when
two fundamental bands absorbing at ν1 and ν2 absorb energy simultaneously. The resulting
band will appear at (ν1 + ν2) wavenumbers. There are further influencing factors e.g. the
Fermi resonance and different couplings. There are other problems which further complicate
the interpretation of the IR spectra. Some of the vibrations IR inactive while others have the
same vibrational frequency also called degenerate. Let’s see a simple example the CO2. It is a
linear molecule containing 3 atoms, which has 4 vibrations (Figure 7.) as calculated from the
equation mentioned above.

Figure 7.: vibrations of the CO2 molecule

Despite if the calculation above, the IR spectrum of CO2 contains only 2 bands in practice.
For a vibration to give rise to the absorption of infrared radiation, it must cause a change in
the dipole moment of the molecule. The larger the change the more intense will be the band.
The asymmetrical stretching vibration of CO2 gives a strong band in the spectrum at about
2350 cm–1. The symmetrical stretching vibration is inactive in the IR because the net change
in the dipole moment of the molecule is 0 after absorption. The in plane and out of plane
bending vibrations have the same frequency (degenerated) and this is why result in only one
band. In summary, in the case of CO2, two bands are degenerate, and one vibration does not
cause a change in dipole moment.
7

From the above it is clear that the spectral interpretation is not so easy. Generally speaking
that the bands originated from stretching vibrations can be found at higher, while bands
corresponds to the bending vibrations can be found at lower frequencies. This is right for the
bond strength also; the stronger the bond the higher will be the vibrational frequency. It can
be seen that in the case of IR spectroscopy we use wave numbers or frequency (ν), in practice,
in contrast to UV-VIS where wavelength is used. IR spectra are plotted as percentage of
transmittance (T%) vs ν (cm−1) (Figure 8.).

Figure 8.: IR spectrum of benzoic acid

An IR spectrum of a given compound is divided in two. Functional group (~ 4000 cm-1-1000
cm-1) and fingerprint (~ 1000 cm-1>) regions are distinguished. The former contains fewer
bands in comparison to the latter one. If the fingerprint region of two molecules are
completely overlap this means that the two substances are identical. The functional group
region, as the name suggest, contains bands correspond to functional groups, specific bonds
and groups of atoms, which are called characteristic group frequencies. These can arise in the
spectrum in the case of X-Y endgroups where the mass of the X and Y atoms are significantly
different. For example the stretching vibration of X-H (X: O, N, C) (Figure 9.).
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Figure 9.: characteristic frequencies: X–H stretching , the triple-bond and the double-bond region

The O-H bands can be found at the highest while the C-H at the lowest frequencies in the X-H
region. The different X-H bands easily distinguished, however, take into account the various
inter- and intramolecular effects can significantly influence the shape, position and intensity
of the bands. Characteristic frequencies may appear in that cases when the force constant of a
given group is significantly higher than the neighborings, for example multiple bonds (C=C,
C=O, C=N, C≡C, C≡N). The bands corresponding to the X-Y single bond can be found
between 500 and 1500 cm-1. Usually it is difficult to identify these bands because many
bending vibrational bands can be seen in this region also. The 1500-2000 cm-1 region is the
double, while the 2000-2500 cm-1 region is the triple-bond region (Figure 9.).
Because the vibrational frequencies of a given bond or group of atoms are near the
same in different chemical environment making it possible spectral interpretation. However,
since the bond or group only partially independent from the rest of the molecule the bands
will not appear at distinct wavenumbers but in frequency ranges within which the
characteristic absorption bands are likely to occur. If we can identify one or more bands of a
bond or group during spectral interpretation it confirms its presence, however lack of bands
will not evidence the contrary because the place, shape, intensity of a band is influenced by
many intra- and intermolecular factors, steric and electronic effects, appearance of combined
and overtone bands, etc..
Despite the interpretational difficulties IR spectra can provide more structural
information, compared to UV-VIS, since the presence of specific bonds or groups can be
evidenced. However, the complete structural identification can not be done by IR
spectroscopy alone but complement other spectroscopic methods (MS, NMR, UV-VIS) may
help us in the designation or identification of the possible structure. The detailed discussion of
IR spectroscopy is not possible in this note, especially the description of characteristic spectra
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of different compounds. For further, detailed information see: Barbara Stuart: Infrared
Spectroscopy: Fundamentals and Applications.

II.3. Mass spectrometry in the identification of small organic molecules

The characteristics of mass spectrometry (unique sensitivity, speed, specificity, broad
applicability) stand out as a result of the analytical techniques. The first mass spectrometer
(MS) was created by J. J. Thomson in 1912. The development of MSs has been continuous
since then. Earlier it was used for the measurement of pure samples containing only one
component, however, combining with different separation techniques extensive use was made
possible as qualitative and quantitative measurements of complex samples are easy to carry
out. A schematic block diagram of MS equipments can be seen in Figure 10. The sample
introduction could happen directly or with the application of a separation technique (GC,
HPLC, CE, etc.). After this the analytes of interest introduced into the ion source where
charged particles are formed than transferred to the analyzer. The analyzer separates the
charged particles by their mass/charge (m/z) ratio and the intensity of the separated ions is
detected. The ion intensities plotted vs m/z result in the mass spectrum, which provides
qualitative information. The ion source, analyzer and detector can be found in ultra high
vacuum, except those equipments which apply atmospheric pressure ion sources (API).

Analyzer

Detector

Ion source

Sample
introduction

Data handling system, computer

Vacuum system
Figure 10.: schematic block diagram of an MS equipment
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We can differentiate the ion sources based on the applied energy used for ionization. One of
the most frequently used is the electron ionization (EI) formerly called electron impact ion
source (Figure 11.). The sample is evaporated into the ionization chamber. This also means
that this is suitable for the ionization of that kind of compounds which can be evaporated
without any decomposition. Otherwise, other ionization techniques should be used.

anode

sample

analyzer

e-

repeller electrode

heated filament

Figure 11.: the EI ion source

The EI source contains a heated filament giving off electrons which are accelerated towards
an anode and “collide” with the molecules of the injected sample. If the electrons have
enough energy one electron is expelled from the molecule formed a charged particle called
.

molecular ion (M+ ) in this case. The formed charged particles are repelled by the repeller,
which has the same charge as the formed charged particles, from the ionization chamber than
a series of lenses accelerate, focus and transfer the ions to the analyzer. During ionization
beside the molecular ion two slow electrons are also formed. If the slow electrons are
captured by a molecule negatively charged molecular ion will be formed:

M + . + 2 e.
M-

M: + eM: + e-

In most cases the molecular ion undergoes fragmentations. Because this is a radical cation
with an odd number of electrons there can be formed either a radical (R.) and a cation with an
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even number of electrons (EE+), or a neutral molecule (N) and a new radical cation with odd
number of electrons (OE+.) during fragmentation (Figure 12.).

Figure 12.: fragmentation of the molecular ion
(EE: even electron number, OE: odd electron number, R: radical, N: neutral molecule)

The product ions derived from the molecular ion (also called parent ion) can undergo further
fragmentation, and so on. The formed ions are separated by the analyzer according to their
mass/charge (m/z) ratio, and are detected in proportion to their abundance. The abundance or
intensity of the ions plotted vs. the m/z result in the mass spectrum (Figure 13.).

Figure 13.: a mass spectrum and fragmentation

The most intense peak is called base peak and is arbitrarily assigned the relative abundance or
intensity of 100%. The abundances of all the other peaks are expressed as the percentages of
the base peak. The molecular ion, if it can be identified, can be analyzed as the most intense
peak in the highest m/z area. If the charge is 1 this gives the relative molecular mass of the
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molecule. Usually 70 eV of ionization energy is used for ionization which is adequate for the
formation of the molecular and fragment ions either. In general, the spectra measured at this
energy are the most informative. Unfortunately very often the molecular ion can not be
identified. In these cases the reduction of the ionization energy result in the increased stability
of the molecular ion, consequently we can identify easier, but the number of the fragment ions
will decrease giving less information from the structure of the molecule. Another possibility
for the determination of the molecular weight is the application of alternative ion sources. The
EI ion source is also called as hard source. A gentle method is the chemical ionization (CI),
which is a soft ionization technique. The construction of the CI sources nearly the same as the
EI sources. The only difference is a side capillary for the introduction of the reagent gas. The
first step is the ionization of the molecules of the reagent gas, applied in excess, according to
the EI method. This ion will then mostly collide with other reagent gas molecules creating a
ionization “plasma”. This plasma will ionize the molecules of interest through ion-molecule
reactions, charge transfer, proton transfer, adduct formation, etc. The most frequently used
reagent gas is the methane but we can use isobuthane or ammonia as well. A very simplified
mechanism of the methane as an example is illustrated by the following equations (M: sample
molecule):

CH4 + eCH4 + CH4+.
CH3+ + CH4

CH4+. + 2 eCH3. + CH5+
C2H5+ + H2

CH5+ + M
C2H5+ + M

CH4 + [M+H]+
[M+C2H5]+

It can be seen that in contrast to the EI ionization not a “simple” molecular ion is formed but
so called pseudo or quasi molecular ion ([M+H]+) which is usually the protonated form of the
molecule, however other adducts could be formed also. In the case of CI ionization the
resulted spectra are simpler in comparison with the EI-MS spectra, because these contain less
fragment ions; however the main advantage is that we can determine the molecular mass of
the molecule. The disadvantage of this source is the same as the EI ion source, only heatstable compounds can be investigated. Otherwise, other ionization techniques must be used
(FAB/FIB, MALDI, etc.).
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The most important part of the MS spectra is the molecular ion because it gets the
relative molecular weight of the molecule. Furthermore, the elemental composition of the
molecule could be determined by the application of high resolution equipments. There are
some simple rules which help us in the identification of the target molecule.
The first one is the nitrogen rule. It states that a compound that has no nitrogen in it or
an even number of nitrogen atoms will have an even mass number and an odd number of
nitrogen atoms cause an odd mass number. This can be seen in the examples in Figure 14.
The next one is corresponds to the rings and multiple bonds or the degree of
unsaturation (US). The degree of unsaturation should also be considered. This is applied for
elements with rings and double bonds. In a molecule with the formula AyQnRzTx (A = H, Hlg;
Q = O, S; R = N, P; T = C, Si) the sum of all the rings and multiple bonds can be calculated
using the following equation:
Unsaturation (US) = X - 1/2Y + 1/2Z + 1
If the result ends in ½, this indicates an even electron (EE+) ion and leaving the ½ yields the
correct value.
The third help in the interpretation of MS spectra is the isotopic pattern of the
elements because elements are mixtures of isotopes except some monoisotopic elements. The
presence and number of elements such as bromine, chlorine, silicon and sulphur are easily
recognized from the isotopic structures produced in the spectrum. Table 2. lists some elements
and the abundances of their natural isotopes. Depending on the isotopes we can differentiate
so called “A”, “A+1” and “A+2” elements. The “A” elements are monoisotopic (19F, 127I, H).
Although H has a natural isotope (deuterium) its abundance so small this is why H is
considered as monoisotopic element. The “A+1” elements have one isotope that is 1 unit
heavier than the most abundant isotope (12C,

13

C,

14

N,

15

N). The “A+2” elements have one

isotope that is 2 units heavier than the most abundant isotope (35Cl, 37Cl, 79Br, 81Br).
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M+.

m/z

M+.

m/z

M+.

m/z
Figure 14.: EI-MS spectra of benzoic acid, 3-amino-benzamide and 3-amino-benzoic acid

15

Table 2.: relative abundances of atoms and their natural isotopes
12

C

98,802%

16

O

99,7587%

13

C

1,108%

18

O

0,2039%

35

Cl

75,7705%

14

N

99,6337%

37

Cl

24,2295%

15

N

0,3663%

79

Br

50,686%

32

95,018%

81

49,314%

33

0,750%

34

4,215%

Br

1

H

99,9855%

2

H

0,0145%

S
S
S

The presence of chlorine and bromine atoms is the easiest to recognize. The abundances of
chlorine isotopes are ~3:1. If the molecule contains one chlorine atom the ratio of the M and
M+2 ion intensities is 3:1 in the spectrum because each contain one chlorine atom - but the
chlorine can be either of the two chlorine isotopes,

35

Cl and

37

Cl. So, if you look at the

molecular ion region, and find two peaks separated by 2 m/z units and with a ratio of 3:1 in
the peak heights, this tells you that the molecule contains 1 chlorine atom. This 3:1 ratio can
be seen at the fragment ions until the fragment contains the chlorine atom. In the case of
bromine the ratio of the M and M+2 peak intensities is ~ 1:1. When the molecule contains 2
chlorine atoms an M+4 peak is appear because the detected particles are the followings:
R-35Cl35Cl
M

R-35Cl37Cl
M+2

R-37Cl37Cl
M+4

The intensities of the observed peaks can be calculated using a simple equation:
(a+b)n
where a and b the abundances of the isotopes, and n the number of these in the molecule. For
example in the case of two chlorine atoms: (3+1)2 = 9+6+1, consequently the peak intensities
are: M:M+2:M+4=9:6:1.
If the molecule contains different atoms the corresponding polynoms multiplied give the
connexion corresponds to the isotopic ratios:
(a+b)n x (c+d)m x ...
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In the spectra we can find a small line 1 m/z unit to the right of the main molecular ion peak.
This small peak is called the M+1 peak. The M+1 peak is caused by the presence of the 13C
isotope in the molecule and makes up 1.11% of all carbon atoms. The M+1 peak in a mass
spectrum can be used to estimate the number of carbon atoms in an organic compound using
the following equation:

nc =

I M +1
×100
×
1,1 I M

These simple or seemingly simple rules can help us in the interpretation of mass
spectra. There are more possibilities for the identification of a given structure. On the one
hand the measured spectrum can be compared to that ones can be found in spectral libraries.
Unfortunately these databases are so expensive depending on their size. After comparison the
computer gives a similarity index (SI). But frequently occur that despite the high SI the
compounds are not the same or there are more spectra in the library which has high SI. In
these cases we must decide which is the appropriate. In order to do this it is necessary to know
that processes by which the structure of the molecule can be identified. This is not possible in
detail in this note only the very basic processes will be presented. Who wants more
information I suggest the following books: Jürgen H. Gross, Mass Spectrometry, A textbook
and Edmond de Hoffmann and Vincent Stroobant, Mass Spectrometry, Principles and
Applications. In the followings some typical fragmentation reaction will be presented.
The fragmentation of the molecular ion is a very fast process including a series of
parallel reactions and can occur via cleavage of bonds or molecular rearrangements. Bond
cleavage would be homolytic when the electrons forming the bond shared between the
generated fragments or heterolytic when both electrons can be found on one fragment. The
simplest fragmentation reaction is the σ-bond cleavage or direct dissociation (Figure 15.).
After ionization through cleavage of the bond one of the fragments keeps the charge and form
a carbocation, while the other is a radical. That which group leaves out as a radical
determined by the stability conditions.

R3-C:C-R3

e-

R3-C +. C-R3
Figure 15.: σ-cleavage
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σ

R3-C. + +C-R3

The stability of carbocations is decreasing in the following order: tertiary, secondary, primary.
In the case of branched carbon-chain the cleavage right next to the branch is preferred.
Cleavages that lead to the formation of more stable carbocations are favored. When the
elimination of more than one radical is possible the largest alkyl radical will be lost
preferentially (Stevenson-Audier rule). This does not mean that only that bond is cleaved.
There are other peaks in the spectrum corresponding to other fragments but the intensities of
these will be much lower.
The cleavage of the bond at the alpha position to the charge-carrying atom is called αcleavage (Figure 16.), which is very typical of heteroatom (N, O, S) containing molecules.

Figure 16.: α-cleavage
(half arrows indicate the displacement of a single electron while full arrows the displacement of an electron pair)

In this process a radical and EE+ ion are formed via homolytic bond cleavage. After initial
ionization at a heteroatom or a group that can act like a heteroatom, bond breaking occurs by
moving one of the electrons from a σ-bond to the C atom that is α (i.e., adjacent) to the
heteroatom or group. Molecules containing heteroatoms usually undergo initial ionization at
the heteroatom through loss of a nonbonding (n) electron. If X is an aromatic ring or double
bond, a π-electron may be lost during initial ionization. Similar fragmentation reaction can be
induced by unsaturated bonds. In the case of olefins this process is called allylic- while in the
case of aromatics it is called benzylic-cleaveage (Figure 17.). After bond cleavage the ion
formed from the olefin is stabilized by cyclization. The benzyl ion presumably stabilized via
rearrangement and forms the so called tropylium ion which is very stable and has diagnostic
significance (Figure 17.).
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Figure 17.: allylic-, benzylic-cleavage

In the previously discussed fragmentation reactions a radical loss occurred by simple
cleavages. In the followings some relatively simple but important rearrangement reaction is
presented. The best known rearrangement is the so called McLafferty-rearrangement
(Figure 18.). This consists of the transfer of a H atom to a radical cation site using a six-atom
ring as an intermediate. The occurrence of the McLafferty-rearrangement is limited to
molecular ions possessing at least one γ-hydrogen for transfer to the acceptor atom. This
rearrangement yields a neutral olefin and a new radical cation.

Figure 18.: McLafferty-rearrangement

The ions produced via McLafferty-rearrangement are relatively easy to identify and have
diagnostic value. These are characteristic for carboxylic acids, esters, oximes, amides, ethers,
etc. In the case of aliphatic and aromatic esters, there is a parallel rearrangement the
McLafferty + 1, in which 2 H transfer is occurred (Figure 19.). The rearrangement is a two
step process but the details are not fully elucidated yet.
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Figure 19.: McLafferty+1 rearrangement

The ions formed in McLafferty and McLafferty + 1 rearrangements can be identified in the
spectra of carboxylic acid esters.
The rearrangement of nitro group has diagnostic significance also. Nitroarenes are
recognized from their characteristic neutral losses due to the NO2 group. The molecular ion
may rearrange prior to loss of NO•. It has two possible mechanisms (Figure 20.). The formed
ions than eliminate NO• and the remaining phenol-type ion can decompose further by
elimination of CO.

O

O

O

O
N

N
e-

O
O

N
N

O
O

-NO

O

-NO

Figure 20.: possible mechanisms of nitro-group rearrangement
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The ortho effect or ortho elimination (Figure 21.) gives us important information about the
substitution pattern of an aromatic ring. This also involves the transfer of a H atom. The
existance of a suitably 1,2-disubstituted cis-double bond presents an essential structural
requirement for this fragmentation. Usually this double bond is part of an aromatic ring, hence
the name. The ortho elimination requires a substituent (Y) to bear a hydrogen-accepting
leaving group (Z) and another substituent (X) to be the hydrogen donor (OH, NH2, SH). After
the rearrangement a neutral molecule is eliminated (ZH). Because of steric problems this
neutral loss is absent in the spectra of meta or para isomers.

Figure 21.: general mechanism of ortho-effect

In this chapter the basics of the structural analysis of small organic compounds by MS
have been discussed. It is important to note that not only the mentioned reactions can occur.
The more complex a molecule is the more complicated its spectrum and more difficult the
structural identification. Of course it is very rare when absolutely unknown samples must be
analyzed without any supporting information (elemental composition, possible structure, etc.).
In any other cases, however, should comply with the following steps when analyzing EI-MS
spectra:

1.

identification of the molecular ion (M+.), if possible

2.

determination of elemental composition, rings and double bonds

3.

looking forward characteristic ions, ion series

4.

possible loss of neutral fragments

5.

possible rearrangements

6.

purpose of possible structure
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The detailed discussion of mass spectrometry is not possible in this note, especially the
description of characteristic EI-MS spectra of different compounds. For further, detailed
information see: Jürgen H. Gross, Mass Spectrometry: A textbook; R. Martin Smith,
Understanding Mass Spectra: A basic approach; and Edmond de Hoffmann and Vincent
Stroobant, Mass Spectrometry, Principles and Applications.
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III. Sample preparation and microextraction techniques in the analysis of drugs

Often the samples can not be analyzed directly. Before analysis there must be carry out
some kind of sample pretreatment or sample preparation process(es). The bottleneck of
analytical measurements is the sample preparation because if we make mistakes during this
process the result will be wrong whether we have the most sensitive, specific or the most
expensive equipment. The choice of the applied technique depends on the analyte
characteristics, the matrix and the sample volume. There are techniques which extract the total
amount of analytes (liquid-liquid extraction-LLE, solid phase extraction-SPE) while others
based on the establishment of a dynamic equilibrium between the sample and an extracting
phase (solid- and liquid-phase microextraction-SPME, LPME). There was an intensive
develepment in the extraction techniques in the last few decades. A good technique is fast
enough, precise and has good reproducibility and low solvent consumption. Nowadays the
most frequently applied extraction technique uses very small volume (some ml-s) of organic
solvents or there is no solvent consumption either (so called solvent free extraction).

III.1. Extraction from solid samples

The simplest way to extract analytes from solid samples is that if the sample (e.g. a
tablet) is put into a flask then adequate solvent is poured in the necessary volume into the
flask than heat up and stir during extraction. The evaporation of the solvent is prevented by a
condenser. The disadvantages of this technique are the followings: time and energy
consuming, the applied glassware is easily broken but the main disadvantage is the
application of “huge” amount (10-1000 ml) of organic solvents. The remaining solid material
must be filtered and the solvent must be evaporated. This process can be speed up by the
application of the so called Soxhlet-extractor. The main advantage of this is that always fresh
solvent is used for the extraction. The disadvantages are the same as mentioned above. The
extraction can be significantly speed up by the application of some kind of “instrumental”
accelerated technique. These include, among others, the Accelerated Solvent Extraction
(ASE), the Microwave Assisted Extraction and the Supercritical Extraction (SFE). Although
these techniques have high cost of investment, but the costs of operation (cost/sample) more
profitable than the classical techniques mentioned above. The main advantage is the volume
of the solvent significantly less (0-40 ml) compared to the “classical” techniques. This is not
only an economical advantage. The low solvent consumption is a very important
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environmental protection aspect as well. The utilization of elevated pressure and temperature
increases the speed and effectiveness of the extraction in each case and reduces the extraction
time. Another advantage is that the design of the equipments makes the possibility for the
extraction of more than one sample in the same time.
The SFE has another advantage namely it applies gas as extraction solvent above its
critical pressure and temperature. A compound becomes a supercritical fluid when maintained
at a temperature and pressure above its critical point (Figure 22.). Under these conditions the
compound is neither a gas nor a liquid. Supercritical fluids have similar solvent properties of
liquids yet can be transported like gases.

p

liquid

solid

supercritical liquid

CP

TP
gas

T

Figure 22.: phase diagram of a pure substance (TP: triple point; CP: critical point)

The solvating power of the supercritical fluid can be adjusted by changing the pressure or
temperature, or by adding a solvent modifier (e.g. MeOH). Two operation modes of extraction
are used, dynamic and static. In the dynamic mode fresh supercritical fluid is supplied
continuously; in the static mode the sample is extracted with a fixed amount of extraction
fluid contained in a closed vessel. Usually the analytes extracted are isolated in a solvent after
depressurization. The most frequently used extraction fluid is the CO2, because it has low
critical temperature (31.1 oC) and its critical pressure is 72.9 atm but other gases are also used.
CO2 as the extraction fluid is proper for the extraction of apolar analytes only, because CO2 is
absolutely apolar, however the polarity can be increased using different modifiers. The most
frequently used modifier is the MeOH. SFE using CO2 modified with methanol is widely used
in analytical toxicology, several SFE methods have been developed for analysis of drugs. The
main advantage of SFE is the elimination of hazardous organic solvents because after
depressurization only non-toxic (in the applied volume) gases are emitted into the air.
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The microwave extraction method is the process of heating solid sample-solvent
mixtures in a sealed (closed) vessel with microwave energy under temperature controlled
conditions. Although used less frequently, the extraction also can be performed in an open
vessel at atmospheric pressure also called microwave assisted Soxhlet extraction. The closed
system provides significant temperature elevation above the atmospheric boiling point of the
solvent consequently accelerates the extraction process. The microwave energy provides very
rapid heating of the sample directly, which shortens the extraction time to 10–20 min per
batch. After the heating cycle is complete, the samples are cooled and the sample is filtered to
separate the sample from the extract for the analytical step. The use of microwave energy for
heating up the samples, offers many advantages over traditional heating methods. The closedvessel MAE allows extraction solvents to be rapidly heated to 2-3 times higher than their
atmospheric boiling points resulting in shorter extraction times (10-30 minutes). The amount
of solvent consumed is considerably less (20-30 ml). However, MAE has some drawbacks
also. A compound will absorb microwave energy roughly in proportion to its dielectric
constant, i.e., the higher the value of the constant the higher the amount of energy absorbed.
Because organic extractions typically involve non-polar solvents with very small, if any,
dielectric constants, a polar co-solvent often had to be used to assist in heating the solution.
Use of a polar co-solvent led to the extraction of a broader spectrum of compounds in addition
to the analytes of interest, creating potential interference problems during analysis. Another
disadvantage is that MAE also does not overcome the traditional processing steps of filtration
and evaporation.
In ASE, rapid extraction of solid matrices is performed using organic solvents by
applying high temperatures (up to 200 oC) as well as applying high pressures (up to 20,000
kPa). The utilization of elevated pressures allows solvents to be used above their atmospheric
boiling points to increase solvation power and extraction kinetics. Increased temperatures can
also disrupt the frequently strong solute–matrix interactions. This increases the extraction
efficiency and rate as well as simultaneously reduces the consumption of organic solvents and
the extraction time. Both static and flow-through designs may be used. In the latter, fresh
solvent is continuously introduced to the sample, improving the extraction but diluting the
sample. Because of the above mentioned characteristics, extraction procedures which would
have taken many hours of “classical” techniques can be carried out in minutes on a smaller
sample. The extracts are usually concentrated and no evaporation is necessary. ASE has
advantages over other extraction techniques including the reduced use of solvent and reduced
time for extraction. Its disadvantages are related to thermal stability and extraction selectivity.
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As ASE is used only with solid samples, in bio-analysis it could be applied to the analysis of
different tissues or blood. However, in bio-analysis extraction is typically conducted on fluids,
such as urine, serum, blood and plasma. Therefore, ASE is definitely not routinely applied in
bio-analytical laboratories but a good choice in the pharmaceutical laboratories.

III.2. Extraction from liquid samples
III.2.1. Solid Phase Extraction: SPE

The oldest method for the extraction of analytes from liquids is the liquid-liquid
extraction (LLE). The simplest way to carry out this extraction is the application separating
funnels. In this case the sample containing the analyte is shaken with an appropriate solvent. It
is important that the sample must not be immiscible in the solvent. After separation of the
phases that one which contains the analytes must be concentrated and analyzed. There are
many disadvantages of the LLE. This technique is solvent and time consuming, because it is
necessary to carry out extraction minimum three times in the practice. Further problems are
that the applied glassware easily broken and often emulsion are formed which have to be
broken. There is a continuous form of LLE (CLLE). In this case, depending on the properties
of the sample different set ups must be used. The solvent consumption can be reduced if LLE
is carried out in micro-volumes of course only in that case if the sample volume makes it
possible, however, a more frequently used technique is the solid phase extraction (SPE).
In the case of SPE the liquid or gaseous sample passes through a solid sorbent on wich
ultimately occurs the extraction process. Several implementation techniques are known, so we
can talk about selective extraction, selective washing and selective elution depending on that
after sample indroduction what is bound to the sorbent (extracted) and that after binding what
can be eluted from the sorbent by changing the solvents, pH or the ionic strength. There are
different forms of SPE sorbents (syringe, cartridge, disc, 96 well plate) on the market (Figure
23.). The weight of the packing is varied on a wide scale. Furthermore, there are a huge
amount of different sorbents (normal- or reverse-phase, ion exchange, size exclusion and
others developed for special purposes) commercially available.
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Figure 23.: types of SPE sorbents

The choice of sorbent type and weight is depends on the sample volume and the physicochemical properties of the analytes. A simplified method for the selection of the sorbent can
be seen in Figure 24.
compound of interest

ionic

non ionic

polar

semi-polar

polar

semi-polar

apolar

IE-SPE
Ion exchange

RP-SPE
C-18
pH adjustment

NP-SPE
SDB

RP-SPE
C-18

RP-SPE
C-8; C-18

Figure 24.: selection of SPE sorbent

There are more SPE methods. The simplest is the so called 4 step SPE (Figure 25.). The first
step is the conditioning the sorbent with appropriate solvent. After that the sample is loaded
into the cartridge. The next step is the washing. The purpose of this is the elimination of the
impurities and the last step is the elution of the analyte of interest.

27

Figure 25.: four step SPE (1.: conditioning; 2.: sample introduction; 3.: washing; 4.: elution)

The sample is transferred through the sorbent by the application of pressure or vacuum,
however, in the case of small volume samples the gravitation or centrifugal forces also can be
used. SPE is a favored sample preparation technique either in the diagnostic, pharmaceutical
or research laboratories. Its main advantage is the low solvent consumption consequently it is
not necessary the evaporation of the solvent. Furthermore it is relatively cheap, fast and easy
the automation. Nowadays one of the most important factors is the time in the different
processes. The throughput of SPE can be increased by the application of typically 12- or 24port vacuum manifolds (Figure 26.). Generally speaking that SPE is very frequently used
technique in the bioanalytical experiments because usually only very small volume of sample
is used in this processes.

Figure 26.: vacuum manifold for SPE

28

The above discussed techniques have high sample needs and solvent consumption. Now that
kind of techniques will be discussed which have very low or no solvent consumption and can
be used with small sample volumes.

III.2.2. Solid Phase MicroExtraction: SPME

SPME is considered as a solvent free extraction technique based on equilibrium
between the sample and the extraction phase. In comparison with SPE where the extracted
amount of analyst more then 90%, here it is only 2-30%, however, the total amount is
introduced into the analytical equipment. The extraction is carried out by a thin polymer
coated silica fiber (Figure 27.). The analytes of interest are adsorbed on it than desorbed by
heat (GC) or some µl-s of solvent (HPLC) and injected into the equipment. The silica fiber is
typically 1 cm long and very easily broken so after extraction/desorption it must be withdrawn
into a stainless steel needle (septum piercing needle, Figure 27.) and only in this position
could be pierced the septum of the sampling vial or the injector port. The fiber lifting can be
carried out by a manual device (Figure 27.) or an auto-sampler. The most frequently used
polymer coatings are the poly-dimethyl-syloxane (PDMS), divinyl-benzene (DVB), polyacrilate (PA), carbowax (CW) and carboxen (CAR), or the combination of these. The
different coatings are color coded as well. The thickness of the fiber is varied and one fiber is
suitable for the extraction of at about 200 samples.

Barrel and Z slot

Septum piercing needle

Coated fused silica fiber

Figure 27.: manual SPME device and SPME fibers
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Depending on the place of the sampling we can differentiate head-space-SPME (HS-SPME)
and direct-immersion-SPME (DI-SPME). In the first case (Figure 28.) the sample is placed
into a vial than heat up, consequently the volatile analytes are diffused into the head-space of
the vial. In order to reach the equilibrium faster the sample can be stirred as well. Then the
SPME fiber is introduced into the head-space where adsorption occurs. The time of sampling
is between 5-30 minutes. In the second case (Figure 28.) the SPME fiber is immersed directly
into the liquid sample and the dissolved analytes will be adsorbed on the fiber. In this case the
equilibrium is reached slower compared to HS-SPME.

Figure 28.: HS-SPME and DI-SPME

The SPME was introduced in 1989. There is an intensive development until now and it will
further develop. Today the so-called solid phase dynamic extraction (SDME) syringes are
commercially available where the extraction material can be found on the inner surface of a
micro-syringe needle or it is packed into a small capsule and introduced into the syringe
needle. Furthermore, SPME can be carried out in a short (typically 60 cm) capillary, for
example in a GC capillary segment (in-tube extraction) as well. The throughput of SPME is
not so good but it can be increased by the application with industrial robots. There has been
developed an analytical sampler for 96 well plates. In this case 96 sampling occur in the same
time. Furthermore, there is a special MALDI mass spectrometer with a 16 SPME fiber
containing target plate, or SPME fiber containing pipette tips (in-tip SPME) are commercially
available also.
In summary, SPME is a relatively cheap and good technique which is widely applied
either in the pharmaceutical industry or in bioanalytical experiments.
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III.2.3. Liquid Phase MicroExtraction: LPME

Based on the SPME there was developed the liquid phase microextraction (LPME)
also. LPME has more types but common characteristic of these that the extraction phase is
some kind of liquid in contrast to SPME. The first type of this is the so called Single-Drop
Microextraction (SDME). In this case a small solvent drop is introduced into the sample from
a microsyringe but the drop must not be broke down. After partitioning of the analyte between
the sample and solvent drop the drop is withdrawn into the syringe and the sample can be
directly injected into the equipment. Sampling would be from the head-space (HS-SDME), or
directly from the liquid sample (DI-SDME) (Figure 29.). The main disadvantage of SDME is
that the drop is not stable, easily breaking down. To eliminate this problem LPME had been
further developed and other technical methods were introduced including the Hollow Fiber
MicroExtraction (HFME).

microsyringe

HS-SDME
DI-SDME

solvent drop

sample

stirring bar

Figure 29.: HS- and DI-SDME

In this case the extraction process occurs in the pores of a hollow fiber in an immobilized
organic solvent. This is easily accomplished by immersing the hollow fibre into the solvent
for a few seconds, which immediately flows into the pores by capillary forces. The lumen of
the hollow fiber is then filled with some µl of so called acceptor solution and the set-up is
introduced into the sample. The analytes of interest are extracted from the sample (aqueous)
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through a supported liquid membrane and then trapped in the acceptor solution (aqueous or
organic) in the lumen of the hollow fiber (Figure 30.). After extraction, the acceptor solution
can be injected directly into the equipment. When the acceptor solution is an organic solvent,
HFME is called two-phase HFME (LLPME) sampling mode, which is directly compatible
with GC. Alternatively, in three-phase sampling mode (LLLPME), the analytes are extracted
into an organic layer, which fills the pores of the hollow fiber and is then back-extracted into
an aqueous acceptor phase. Thus the acceptor solution is aqueous, which is compatible with
HPLC or CE. The sample-to-acceptor ratio is very high, so analyte enrichments are also very
high; consequently it is not necessary to carry out evaporation and reconstitution. The volume
of the sample in LPME ranges between 50 µl and 1 l, whereas the volume of acceptor solution
in most cases is in the range 2–30 µl. The volume of the extraction phase is typically 5–30 µl,
resulting in an extremely low consumption of organic solvent per extraction which is
beneficial from economical, health and environmental point of view.

Figure 30.: two- and three-phase HFME

This technique is a very efficient technique for sample clean-up, reducing or eliminating
potential problems originated from matrix components. Especially the 3-phase mode is very
efficient for the extraction from complex biological samples. Furthermore, LPME may easily
be automated in commercially available industrial robot systems, providing a fully automated
approach to sample preparation.
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In summary, the above discussed microextraction techniques (Table 3.) are widely
used in the drug R & D, production, quality control processes and in the bioanalytical and
diagnostic laboratories. There is a continuous development on this field of extraction because
these processes work in micro-scale almost without any solvent consumption. Furthermore,
these are suitable for the extraction of different analytes from a wide variety of samples.

Table 3.: classification of microextraction techniques
analyte of
interest
gas

extraction
phase
solid

characteristic
processes
sorption and partition

equilibrium

technique

gas-solid

HS-SPME

liquid

solid

sorption and partition

liquid-solid

DI-SPME

gas

liquid

partition

gas-liquid

HS-LPME

liquid

liquid

partition

liquid-liquid

LPME

III.2.4. Molecularly Imprinted Polymers: MIPs

Molecular imprinting (MI) technology offers a means of preparing materials with
cavities that are able to recognize a given molecule in terms of size, shape or chemical
functionality. In order to get a highly selective recognition of the molecule, it is incorporated
as a template into the material during the synthesis then the molecule is extracted result in a
three dimensional chemical and physical imprint of itself. Although the MI technology was
developed in the early 19s its application for sample preparation dates to a decade ago.
Nowadays the most frequently used sample preparation technique is the SPE, especially in the
case of biological samples. Although a wide range of sorbents has been developed their
selectivity is not always satisfactory, except the so called immunosorbents which are very
specific because of the antigen-antibody interactions, however, it have to be noted that these
are not so stable, their preparation is difficult and these are very expensive.
Nowadays there is increased interest for the molecularly imprinted polymers (MIPs)
which are stable, robust and resistant to a wide range of pH, solvents and temperature.
Furthermore, it is important to note that MIPs synthesis is also relatively cheap and easy.
MIPs are synthetic polymers containing artificially generated recognition sites able to
specifically rebind a target molecule in preference to other closely related compounds. These
polymers are obtained by polymerising functional and cross-linking monomers around a
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template molecule result in a highly cross-linked three-dimensional polymer network. The
monomers are chosen considering their ability to interact with the functional groups of the
template (Figure 31.). After polymerization the template molecule is extracted and the formed
MIP is able to rebind the target molecule.

template

+

functional
monomers

polymerization

extraction, or
Chemical reaction

template-monomer
complex

MIP

Figure 31.: schematic representation of MIP synthesis

There are three different approaches to prepare MIPs: covalent, non-covalent and semicovalent synthesis. The covalent approach involves the formation of reversible covalent bonds
between the template and monomers before polymerization. After the polymerization is ready
the template is extracted from the polymer by cleavage of the corresponding covalent bonds,
which are re-formed upon rebinding of the analyte of interest. The main advantages of this
technique are that the monomer/template complexes are stable and stoichiometric, and that a
wide variety of polymerization conditions can be used. Unfortunately, there are some
disadvantages from which the most important is the slow release and binding of templates. An
intermediate option is the semi-covalent synthesis. In this case, the template is also covalently
bound to a functional monomer, but the rebinding of the template is based on non-covalent
interactions only, while the non-covalent approach is based on the formation of relatively
weak non-covalent interactions (i.e. hydrogen bonding, electrostatic forces, van der Waals
forces, etc.) between template molecule and selected monomers before polymerisation. The
rebinding of the templates based on the same forces consequently this process faster in
comparison with the covalent process. There are several advantages of this technique
including easy preparation of the template/monomer complex, easy removal of the templates
from the polymers, fast binding of templates to MIPs, and its potential application to a wide
range of target molecules. The main disadvantage is that the template/monomer complex is
not stable and in order to minimize the non-specific binding sites the conditions of
polymerization must be carefully chosen.
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There are different technical settings applying MIPs for sample preparation. Their use
in solid-phase extraction, so-called molecularly imprinted solid-phase extraction (MI-SPE), is
by far the most advanced technical application of MIPs. This is similar to the “classical” SPE.
MI-SPE can be classified as off-line and on-line modes. In the case of the off-line MI-SPE a
small amount of MIP (typically 15–500 mg) is usually packed in cartridges. The steps are the
same as in the case of conventional SPE (conditioning, sample introduction, washing, and
elution). During conditioning, the MIP cartridge should be washed with the eluting solvent to
remove the residues and then conditioned with loading solvent. For sample introduction a
low-polarity solvent, typically CHCl3, CH2Cl2, CH3CN, toluol, should be used. The next step
is the selective washing. The purpose of this is to maximize the specific interactions between
the analytes and MIP, and to simultaneously elute the interfering components retained in the
polymer matrix. Usually low-polarity organic solvents (CHCl3, CH2Cl2, toluol) or their
mixture, is used in this step. In the last step the retained analytes of interest are eluted using
small volume of solvents, usually acetonitrile or methanol or a mixture of them. Aqueous
samples can also be directly loaded onto MIP cartridges. However, in this case, MIPs work as
a reverse-phase sorbent and thus both target analytes and matrix components are retained
trough non-specific interactions result in a longer method development.
The other MI-SPE method is the on-line MI-SPE. In this technical setting a small
precolumn, containing at about 50 mg of MIP, is built into the system. Usually the MIP is
packed into a loop of a six port injection valve. After loading the sample and washing out
interfering compounds, the analytes are eluted by the mobile phase and then separated by an
HPLC column.
MI-SPE is widely used for the extraction of different analytes from environmental,
food, pharmaceutical or biological samples. Although biological fluids (urine, blood, plasma,
etc.) can be directly loaded into the MIP cartridge it is worth to dilute the biological fluids
with organic solvent to enhance the recognition mechanism on the MIP and to precipitate the
proteins. Most of the MI-SPE applications have focused on extracting compounds from
biological and environmental samples, while a small number of studies have dealt with drug,
food, and other samples. The biological and drug samples exposed nearly the half of the total
MI-SPE application.
As MI-SPE is a variant of SPE it has been started the development of molecularly
imprinted solid phase microextraction (MI-SPME) technique also. Although the development
is not as fast as in the case of MI-SPE, its significance is expected to continue growing in the
future. The classical SPME is non-selective since the commercially available fibers are based
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on non-selective sorbents to cover the scale of polarity. In the cas of MI-SPME there are two
possibilities, preparation of MIP coated fibers or preparation of MIP fibers inside fused silica
capillaries. In the first case silica fibers are activated by silylation and then immersed into
polymerisation solution. In general, polymerisation takes place at 60 oC time for 6 h. This
process results in a MIP coating on the surface of the silica fiber. In the second method,
capillaries are cut to approximately 30 cm long pieces and four windows of about 1 cm are
prepared by burning the protecting polymer layer. Then, the capillary is filled with the
polymerisation mixture and both capillary ends are closed. The filled capillaries are put into
an oven and polymerisation takes place typically at temperatures higher than 60 oC for a
certain period of time. Finally, capillaries are cut and immersed in an aqueous solution of
NH4HF2 under agitation with silica walls being etched away. In this manner, MIP monoliths
of 1 cm length are obtained, being its thickness dependent of the inner diameter of the silica
capillary used. The obtained fibers are more flexible and more difficult to break in
comparison with the coated fibers. At the end of extraction the analytes are eluted by
immersing the fiber in a small volume of appropriate solvent.

III.2.5. Turbulent-Flow Chromatography: TFC

By the application of the above mentioned techiques the sample preparation process
can be simplified because there are fewer sources of errors, however, in spite of the increased
throughput the analysis times are relatively long, which originated mainly from the long
extraction times. For example in the case of HS-SPME we must wait until the equilibrium is
reached in the sample vial after that occur the sampling (adsorption) and then desorption in
the injector port of the equipment and the measurement. This process would be more than 30
minutes from the sampling till the end of measurement. A very good alternative for the
reduction of the measurement times is the turbulent-flow chromatography (TFC).
The TFC enables the direct injection of complex biological samples into the
equipments without any sample pretreatment or sample preparation. The basics of this
technique that the small analytes of interest are separated from the large molecules (proteins,
nucleic acids) of the biological matrix due to their large diffusion coefficient, on an
appropriate column. This enhanced separation efficiency is the result of the onset of
turbulence, which is responsible for an increase of the mass transfer rate through formation of
“eddies” in the mobile phase. This eddy formation results in a plug profile for the eluent and
thus facilitates reduced band broadening as opposed to the parabolic profile of classical
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chromatographic laminar flow. The generation of turbulent-flow in a packed column depends
on the physico-chemical properties and linear velocity of the mobile phase and on the particle
size. Short, narrow columns (typically 50mm x 1 mm), packed with large-size particles (50–
60 µm), are required to generate turbulent-flow while maintaining manageable system backpressures. Applied flow-rates are usually 4–5 ml/min. The retained analytes are subsequently
eluted from the TFC column using organic mobile phase onto an HPLC column for the
chromatographic separation. TFC has different technical configurations (Figure 32.). We can
differentiate single-column method with one valve (Figure 32., upper panel), dual columnmethod with one valve (Figure 32., lower panel) or two valves. Each configuration can be
used applying one pump (Figure 32., upper panel, solid line marked) or two pumps (Figure
32. upper panel, dashed line marked).

TFC-column

TFC-column

P-I

P-I

H

W

D

D

W

P-II

P-II

TFC-column

TFC-column

P-I

P-I

W
D

HPLC-column

W
D

HPLC-column

P-II

P-II

sample loading and clean-up

elution

Figure 32.: TFC configurations with one valve, one- or two columns
P: pump; D: detector; W: waste
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In the case of single-column method both the sample clean-up and the separation occur on the
same column. However, TFC columns differ from analytical columns significantly; they have
separation ability as well. Samples are injected into the TFC column under turbulent
conditions. The analytes of interest are sequestered by the stationary phase, while less
retentive sample components and excluded proteins are rinsed away to the waste. Once the
undesirable components have been eluted to waste, the valve reverses the flow through the
column and directs the flow toward a detector usually a tandem mass spectrometer. Since the
separation efficacy of TFC columns much worse than analytical columns this method is used
when one or few components must be determined only. The other problem is that coupling
turbulent-flow directly to a mass spectrometer is not possible. The TFC mobile-phase effluent
(4-5 ml/min) has to be split to make the effluent flow compatible for mass spectrometers.
Unfortunately, the splitting will result in lower detection limits. A good solution for this
problem is the application of a second (optional) HPLC pump (Figure 32., upper panel,
dashed line marked). In this case the sample injection and clean up is performed under
turbulent-flow circumstances, while the elution is carried out at a lower eluent flow by
application of another HPLC pump. Further advantage is that the water based TFC
circumstances can be changed to appropriate solvents. In the case of single-column method
wide, broadened, tailing peaks are detected due to the low number of theoretical plates and the
large-size particle packing materials of the TFC column. The dual-column method (Figure
32., lower panel) is a very good choice for the elimination of this problem. In this
configuration a second, classical HPLC column is installed in the system making possible the
good analytical separation as well. The sample is washed onto the analytical column using
that kind of solvent(s) which is/are strong enough to wash out the analytes from the TFC
column but not strong enough for the elution from the analytical column. Consequently the
sample is collected at the start of the HPLC column. After switching the valve the analytical
separation is started by applying the appropriate solvent or solvent mixture. This second step
is considered as an HPLC analysis. In order to increase the effectiveness of TFC other
technical configurations (isocratic focusing, improved isocratic focusing) have been
developed also.
The application of TFC is increasing from day to day. The main areas of its
application are the pharmacokinetic-, ADME and metabolism investigations and metabolite
identification.
As it was mentioned earlier the bottleneck of an analytical measurement is the sample
preparation. An appropriate technique should be chosen with the regard to selectivity,
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extraction time, solvent consumption, the number of steps and the possibility of the on-line
coupling. Current sample preparation techniques employ small amounts of sample as well as
simpler methods which are “just enough” prior to analysis, as more steps could introduce
more errors. New developments have been attempted to enhance selectivity (immunoaffinity,
MIP) as well as to reduce solvent consumption, thus making sample preparation
environmentally friendly (microextraciton approaches). Finally, such methods also feature
high-throughput automated techniques. Nowadays, the most frequently used sample
preparation technique is the SPE in many bioanalytical and diagnostic laboratories, but the
application of microextraction and other techniques is increasing. A comparison and summary
of the techniques discussed in this chapter can be found in Table 4. Of course there are other
tchniques which are not summerized in the table but it is not possible to introduce all the
techniques and the detailed discussion of the mentioned methods.

Table 4.: Comparison of the discussed sample preparation techniques
technique

selectivity

multistep process

solvent
consumption

ASE (PLE)

extraction
time
(min)
10-15

medium

-

low

MAE

5-15

medium

extraction/filtering

low

SFE

5-15

medium

-

low

LLE

15-20

medium

+

high

SPE

15-25

medium

+

low

SPME

10-60

medium

adsorption/desorption

no

LPME

10-60

medium

+

very low

MEPS

1-5

medium

+

very low

MIPs

15-20

high

+

low

TFC

<5

medium

-

no?

To whom who wants more information about these topics I suggest the following
books: Janusz Pawliszyn and Heather L. Lord (eds.): Handbook of Sample Preparation, and
Roger M. Smith (eds.): Bioanalytical Seapartions.
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IV. Chromatographic Techniques

In the previous chapter several techniques were discussed how to extract and separate
the compound interesting for us from the sample and to analyze it. However, it is quite
common that the extraction results a mixture of the interesting compound with other
compounds or we have to analyze several components. In such cases the mixture has to be
analyzed which can be achieved by means of so called separation techniques. The essence of
such methods is that a complicated sample of several components is injected into the
analytical instrument which separates and then analyzes the components one after the other
quantitatively. The basics of this analytical technique called chromatography are usually
attributed to the Russian botanist Mikhail Tsvet. He extracted plants with petrol ether and
transferred the extract onto a liquid-adsorption column containing calcium carbonate. Tsvet
observed colorful rings as yellow, orange, and green plant pigments were separated. He also
invented the name of the method as chromatography from the Greek words of chroma
(colour) and graphia (writing).
Today chromatography means a wide variety of techniques which are applied in all
over chemistry in research and development, manufacturing, diagnostics, quality assurance
etc. The common in these analytical methods is that the components of the sample are
partitioning between a stationary and a mobile phase. The components are separated from
each other because of the difference in the strength of interactions for each chemicals with the
stationary phase.
Chromatographic techniques can be groupped several ways. By means of the
technique of the analysis one can speak of planar or column chromatographic methods.
Chromatography can be divided into frontal, exclusion and elution methods by considering
the way of the development. However, today the most common techniques are based on
elution. According to the phase of the eluent or moving component (phase) there are gas,
liquid or supercritical chromatographic methods (Figure 33.) which can be further classified
according to the stationary phase (Figure 33.).
The fourth possibility is the classification on the basis of the mechanism of the
separation. From this perspective there are adsorption, absorption (partitioning), affinity, ion
exchange, size exclusion etc. chromatographic methods. For example, in adsorption
chromatography the components to be separated are adsorbed on the surface of the stationary.
The strength of adsorption depends on the molecular structure of the solute.
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moving phase
gas

GC

liquid

LC

supercritical
liquid

SCFC

stationary phase

technique

liquid

GLC (gas-liquid chromatography)

solid

GSC (gas-solid chromatography)

liquid

LLC (liquid-liquid chromatography)

solid

LSC (liquid-solid chromatography)

liquid

SCFLC (supercritical fluid-liquid chromatography)

solid

SCFSC (supercritical fluid-solid chromatography)

Figure 33.: classification of chromatographic techniques according to the phases

In absorption or partitioning chromatography the stationary phase is a liquid fixed onto the
surface of a suitable carrier. The components of the sample are partitioning between the
mobile phase and this liquid or stationary phase resulting their separation according to their
chemical characteristics. In the case of affinity chromatography a special interaction (antigenantibody or enzyme-substrate) is the origin of the separation. In size exclusion
chromatography the sample is forced to flow through a gel of given pore size which will
result the separation of the component molecules according to their size. In ion exchange
chromatography ions can be separated according to their different strength of interactions
with the counter ion places of the stationary phase.
In general, the components of the sample mixture spend different times on the
stationary phase during the chromatographic separation. This leads to the separation of each
component from the others and they reach the detector one after the other. The detector gives
a signal usually proportional to the concentration of each component. This signal-time
function is called chromatogram (Figure 34.). The most important parameters of a
chromatogram are retention time (tR), dead time (tM), band width or peak width (w), peak
width at half height (w1/2) and peak height (h). Peak area is also calculated for quantitative
measurements.

41

tR (i-PrOH)
tR (i-BuOH)
tR (n-BuOH)

W1/2
h

tM

w

Figure 34.: chromatogram and chromatographic parameters

By definition tR of a solute is taken as the elapsed time between the time of injection of a
solute and the time of elution of the peak maximum of that solute. This is different for all
sample component or solute and in this way tR is suitable for qualitative identification of the
component. However, tR contains the time which is spent in the injector or the detector by the
sample. This is the so called dead time. By subtracting the dead time from the retention time
one can calculate the corrected retention time. This tM can be defined as the retention time of a
completely unretained solute which can get through the column without any delay or
retention. These parameters are very useful to get information about the efficiency of both the
column and the separation method. The theoretical plate number (N) can be calculated and the
higher the theoretical plate numbers the more effective the column. From N and the length of
the column one can calculate H, Height Equivalent of Theoretical Plate. The smaller the H
value the better the column.

N = 16 (tR/w)

N = 5,54 (tR/w1/2)

H = L/N

These quantities are originated from the plate theory of the distillation which can be applied to
the chromatographic techniques, too. However, the analogy of these theories is not discussed
here. The efficiency of the separation method can be judged from the parameters of the
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chromatographic peaks. In practice, the peaks are sometimes come close to each other in the
detector so the components do not separate completely or to the base line. One of the reasons
of this is the dispersion of the bands. The efficiency of the separation is shown by resolution
(R) which can be calculated using the following equation:

R = 2(tR2-tR1)/(w1+w2)
Two peaks are completely resolved or separated if their fusion is less than 0.1% and to reach
this degree of resolution the value of R ≥ 1,5 should be met.
Chromatograms are suitable for both qualitative and quantitative analysis of the
sample. The simplest qualitative analysis can be performed by comparing the retention time
of the solute with retention time of standard chemicals which is satisfactory in most cases.
However, in case of the analysis of completely unknown samples co-elution of components
can occur. The problem can be solved by applying appropriate detection methods which give
some kind of information on the structure of the solute. For example on-line EI-MS detector
may help the identification of sample components on the basis of their MS spectrum.
Peak height or peak area data can be used for quantitative analysis. It is necessary to
have a detector signal which is proportional to the concentration of the solute. The simplest
calculation is based on the evaluation of the area percentage for all components which gives
the approximate % for all components:

concentration = 100 x (Ai/∑A)

It is worth to note, that this is the least accurate method and applicable for semi quantitative
analysis only. To get accurate (+/-0.1%) concentration data for the solute it is necessary to
overcome the different sensitivity of the detector for the components i.e. the same amount of
material result different peak heights and peak areas. The most often applied accurate
quantitative analytical method is based on external standards (Figure 35.) or calibration. In
this case standard solutions are prepared containing the solute in various known
concentration. After performing the analysis and integrating the peaks a calibration plot has to
be prepared (Figure 35.). This is the plot of the peak area of the given solute versus its
concentration. Then a sample with unknown solute concentration is injected and the peak area
for the interested component can be determined. Using the calibration curve one can
determine the exact concentration of the component by means of interpolation.
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Figure 35.: calibration curve used in external calibration method

However, when the sample contains several components calibration should be performed for
all solute because the sensitivity of the detector can be different for the various components.
A related method is based on the addition of standards (Figure 36.). In this case the unknown
sample is divided into several portions of equal volumes. The compound of interest is given to
all but one aliquot in increasing amount (Figure 36.). Finally solvent is added to reach the
final volume for all samples. Then the analysis should be performed and the plot of peak area
vs. amount or concentration of added standard is constructed. The extrapolation of the graph
and the x-intercept (Figure 36). will give the concentration of the unknown. Fitting by least
square methods can give the explicit equation of the plot. As usually a linear function is
observed for the function of the peak area vs. concentration of added standard the exact
concentration of the unknown in the sample can be calculated.

44

7
sign (Abs., mV, area, etc.)

6
5
4
3
2
1
0
-2

-1

0

1

2

3

concentration of added standard
Figure 36.: the standard addition method
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In case of the internal standard method (Figure 37.) a new compound (internal standard) is
added to all referent solutions and samples. It is important to choose a suitable internal
standard which means to have similar chromatographic characteristics than that of the studied
components, i.e. the internal standard should give a well resolved peak in the chromatogram
in the same region where the compounds of interest can be found. Of course it should be
checked that none of the unknown samples contains the compound used for internal standard.
After performing the analysis the ratio of peak area of the internal standard to the peak area of
the solute is calculated and concentration of the unknown is determined on the basis of the
calibration plot.
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Figure 37.: internal standard method

In practice first a series of standard solutions of various concentrations should be prepared
and the same amount of internal standard should be added to all solutions. Care should be
taken to have the same final volume and in this way equal concentration of the internal
standard in all cases. Then the analysis should be performed and the chromatograms are
evaluated by calculating the peak areas for all components including the internal standard. In
the next step the calibration curve is constructed for all solute by plotting the ratio of the
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solute signal to the internal standard signal as a function of the solute concentration (Figure
37.). In the final step internal standard is added to the unknown sample similarly as it was
done for the reference standards, the analysis is performed and peaks should be integrated.
The exact concentration of the unknown can be determined from the calibration plot and the
ratio of peak areas for the solute of unknown concretion to the peak area of the internal
standard. With this method instrumental or method errors originated from detector sensitivity,
not equal volume of injection etc. are corrected.
Below analytical methods based on Gas Chromatography (GC) and High Performance
Liquid Chromatography (HPLC) are discussed in detail as they are heavily applied for
example in pharmaceutical research, development, production and quality assurance.

IV.1. Gas Chomatography: GC

The term Gas Chromatography (GC) is used for all methods when the mobile phase is
gaseous (Figure 33.). However, the stationary phase can be either solid (adsorption
chromatography) or liquid fixed onto a solid carrier (partition or absorption chromatography).
The sample can be either gas or liquid but in any case it is injected onto the column as gas or
vapor. The consequence of this setup is that gas chromatography is suitable for the separation
heat stable compounds i.e. chemicals which can be evaporated without decomposition. This
requirement narrows the applicability of GC methods. In GC the sample is injected into a
continuous flow of the eluent through the injector. Then the sample is washed onto the
column by the eluent where separation occur and finally components get into the detector
ideally one after the other where a signal proportion to their concentration is generated
(Figure 38.). The whole system is controlled by a computer.

injector

eluent

purifier

computer
column

Detector

thermostat

Figure 38.: schematic block diagram of a GC- equipment
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IV.1.1. Applied gases

The source of the eluent i.e. mobile phase can be a high pressure cylinder or gas generator.
The most often applied gases in a gas chromatography lab include He, Ar, N2 and H2 (also air
depending on the working principle of the detector). As GC is a high performance analytical
method it is necessary to use high purity gases. Depending on the purity of the gas (Table 5)
different on-line gas purifiers should be installed, too.

Table 5.: the purity of gases
V/V % purity, gascontent

Quality

Total impurities

99,99 %

4.0

100 ppm (v/v)

99,995 %

4.5

50 ppm (v/v)

99,999 %

5.0

10 ppm (v/v)

99,9995 %

5.5

5 ppm (v/v)

99,9999%

6.0

1 ppm (v/v)

The choice of eluent gas is influenced by several factors. In case of packed columns a good
choice is N2, while for capillary columns He or H2 is more appropriate. Another factor could
be safety as in case of using H2 as eluent gas all precaution should be observed to prevent
explosion. The applied detector also influences which eluent can be used. In case of thermal
conductivity detector (TCD) when the thermal conductivity of the solute is small then the
eluent of choice can be He or H2 while the good choice of eluent is N2 in the opposite case.
Flame ionization detectors (FID) work with any eluent and in this case the effectiveness of the
separation is the main factor in choosing the mobile phase. When the detector is a mass
spectrometer (MS) the suitable mobile phase is He as it has large ionization energy. The input
gas pressure of a GC instrument is several bars so application of high pressure gas cylinders
makes it necessary to install a two stage pressure regulator. Output pressure of gas generators
can be conveniently adjusted for the required value. It is important to keep a constant
volumetric gas flow and this can be achieved with the so called automatic pressure control
(APC) units.
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IV.1.2. Sample introduction

A critical point in gas chromatography is sample inlet. It is important to introduce the
sample onto the column within the shortest possible time and at the same time to have it in the
gas phase. The so called fast evaporation technique is applied for this by heating the injector
to high temperature. In theory, gas, liquid or even solid samples can be studied by GC but
because of the slow evaporation of solids the samples injected are liquids or gases almost
exclusively. Gas samples are injected by means of a six-port switching valve system (Figure
39.). These injectors contain a sample loop of calibrated volume. First the loop is filled with
the sample gas by washing it with the sample gas of 5-10 times volume This is necessary to
be sure that the loop contains only the components of the sample and no air or remaining
eluent gas. Upon switching, the content of the sample loop is washed into the carrier gas
stream and injected to the column (Figure 39.).

carrier gas

carrier gas

gas sampling
loop

column
sample

column

gas sampling
loop

injection

loading

Figure 39.: six port gas sampling valve

Liquid samples can be injected by means of micro-syringes. The volume of the sample
depends on the column parameters. The fast vaporizing inlet is the most often applied one but
so called cold techniques such as cool-on-column, large volume injection (LVI) or
programmed temperature vaporizer (PTV) are available, too. In case of the fast evaporation
method the temperature of the injector should be 50-70 oC higher than the boiling point of the
highest boiling point sample component. The volume of the injector is a few cm3 and sample
vapor should fill this volume. Split/splitless injectors are applied in case of small diameter
liquid film columns. The capacity of such columns is small and it is possible to over saturate
the stationary phase if ‘high’ amount of sample is injected. To prevent this sample vapor is
splitted and only a portion of it (1/10; 1/100) is passed onto the column and the rest of it exits
through a split vent. The main disadvantage of the split technique is discrimination among
sample components according to their boiling point and high split ratio causes smaller peak
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area. To prevent discrimination or when the solute concentration is very small the so called
splitless method is used. In a splitless inlet there is no split till the complete evaporation of the
sample so there is no discrimination and then the excess volume of the sample is vented to
prevent the overloading the column. Modern split/splitless injectors can work in direct mode,
too, when the whole injected sample is washed onto the column. Of course, in such a case an
appropriate column should be installed which is not overloading and the so called liner in the
injector should be changed to an appropriate one. This liner (also called inlet or insert) (Figure
40.) is located in the injector where the evaporation occurs so it should be made of deactivated
glass or quartz of suitable shape. As sample components can decompose on high temperature
metal surfaces a liner is necessary to prevent the contact between sample vapors and high
temperature metal parts inside the injector.

Figure 40.: liners

The next problem of fast evaporation is that the applied temperature is significantly higher
than the boiling point of the sample components and lots of compound suffers thermal
decomposition. If it is a problem then “cool-on-column” injection techniques can be applied.
Here the sample is injected into a column part of wider in diameter and length of a few cm.
This column portion is cooled and then the eluent flow brings the sample into the heated
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column oven where the column is heated to the required temperature. Here the sample is
vaporized and chromatographic separation starts.
The above description clearly shows that all techniques has advantage and
disadvantage so it is important to choose the injection technique best fit to the required
separation.

IV.1.3. Columns

The heart of the GC equipment is the column where the separation of sample
components occurs. The column is placed into an oven with controlled temperature and
computer controlled heating can rise its temperature up to 400-500 oC but can be cooled to the
initiate temperature also quickly. Columns can be divided into two groups (Figure 41.). The
so called packed columns are 1-5 m length and 2-6 mm internal diameter tubes filled with the
appropriate stationary phase. As it has been mentioned already, in case of a separation based
on adsorption the stationary phase could be a high surface area solid such as activated
charcoal, Al2O3, silica, molecular sieve or organic polymer. In case of absorption based
packed column the solid material is impregnated with the stationary liquid phase and then
filled into the column.

GC columns

capillary: Open Tube

packed

macro packing

micro packing
partition

adsorption

adsorption

partition

partition

Wall Coated OT
WCOT

Figure 41.: classification of GC columns
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adsorption
Porous Layer OT: PLOT

Sorbent Coated OT
SCOT

Capillary or open tube columns (Figure 42.) are capillaries with length of 10-100 m and
internal diameter of 0.2-0.5 mm and their inner surface is covered with the phase. The
separation can also be based on adsorption such as with Porous Layer Open Tube (PLOT)
columns or partition such as Sorbent Coated Open Tube (SCOT) or Wall Coated Open Tube
(WCOT) columns (Figure 41.). PLOT columns contain a porous adsorption layer on their
internal walls. The walls are covered with the stationary liquid phase in case of WCOT
columns while the wall of SCOT columns has been covered with a carrier layer and the
stationary liquid phase is bonded to that coating

Figure 42.: capillary column

There are significant differences among the different column types in terms of capacity and
applicability. Packed and the so called wide bore columns have the highest capacity and
narrow bore columns have the smallest capacity. However, this order can be modified
somewhat with the thickness of the layer of the stationary phase. Today one can choose
among a wide variety of columns of different physico-chemical characteristics and the choice
is driven by the analytical problem to be solved. Nevertheless we should keep in mind that
choosing the best column is crucial in GC techniques as the set of eluents is small compared
with HPLC. Main factors affecting GC separation are the followings:
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1. length of the column
2. internal diameter of the column
3. type of stationary phase
4. film thickness of the stationary phase.
5. type of eluent gas
6. flow rate of the eluent
7. temperature.

From the point of view of oven temperature there are isotherm and temperature programmed
separation methods. In the first case the column temperature is constant while in the second
case the temperature is programmed by inserting several ramps during the measurement.
Isotherm analysis is applied usually in case of one component analysis or when the
components have similar characteristics while temperature programmed analysis could be
suggested in case of diverse multi component samples.

IV.1.4. Detectors

As it has been already discussed the components of the sample are separated on the
column and get into the detector one after the other where a signal proportional with their
concentration is generated by means of a physical method. The most often applied detectors in
GC include Thermal Conductivity Detector (TCD), Flame Ionization Detector (FID), Electron
Capture Detector (ECD), Mass Spectrometry (MS) detector and Infrared Spectrophotometric
(IR) detectors. Other special detectors are also available such as Photoionization Detector
(PID), Flame Photometric Detector (FPD), Pulsed Flame Photometric Detector (PFPD) or
Atomic Emission Detector (AED).
The working principle of TCD is that a tungsten or rhodium wire in a small chamber is heated
electronically to high temperature. The even eluent flow causes a constant heat transfer i.e.
cooling of the wire. However, when a sample component in the eluent reaches the wire this
heat transfer is disturbed resulting stronger or less cooling of the wire so its electric resistance
is changing. This resistance change is transformed into a current signal by means of a suitable
electric circuit. The bigger the difference in heat conductivity of the eluent and the solute the
higher the signal. As H2 and He have the highest heat conductivity these can be the usual
choice of eluent for TCD. However, we can use N2 for example if the solute is H2. The TCD
is a universal detector but its main disadvantage is its relatively small sensitivity (10-6 g)
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compared with other type of detectors. When hydrogen is used as eluent all safety precautions
should be observed to prevent formation of explosive gas mixture with air.
In gas chromatography the most often applied high sensitivity (10-11 g/s) detector is FID. In
this detector a small hydrogen flame can be found with electrodes in it. This means that
source of pressurized air is also necessary for a GC instrument equipped with FID detector.
Ions are formed in the flame which results a constant ion flow so electric current. However,
when organic chemicals get into the flame large amounts of ions are formed and the ion
current is significantly increases which can be detected after amplification. However, this type
of detector is not applicable to detect inorganic or not flammable components.

IV.1.5. Application of GC

Gas chromatography techniques can be used in wide field of analytical applications.
They are equally useful in environmental research, food industry, laboratory diagnostics,
toxicology and in different phases of drug manufacturing. GC can be applied to analytical
investigations of drugs and metabolites extracted from biological samples (blood, plasma,
serum, urine, tissues etc.), too. Different Pharmacopeias (Ph.Eur., Ph.Hg.) recommend GC
analysis of solvents which include quality control of solvents as well as determination of their
contaminants or solvent residues in active pharmaceutical ingredients, excipients and
pharmacy products. Gas chromatography is the suggested method for the analysis of oils and
fatty acids as fatty acid methyl ester (FAME). Although special columns are already available
for analyzing fatty acids they can be determined more conveniently and accurately as their
methyl ester. Fatty acid methyl esters are more volatile than the free acid and can be prepared
by derivatization. The volatile derivatives can be easily injected and analyzed by gas
chromatography. Other derivatization reactions include acylation of carboxylic acids and
silylation of sugars, steroids, alcohols and amides.
This chapter has clearly demonstrated that gas chromatography is a high performance
analytical technique with diverse applications. More detailed information on gas
chromatography is available in the literature. As in the case of other analytical techniques
very useful information can be gathered from the catalogs of instrument or column
manufacturer companies. For further readings I suggest the following books: Robert L. Grob,
Eugene F. Barry (eds.): MODERN PRACTICE OF GAS CHROMATOGRAPHY and Harold
M. McNair, James M. Miller: BASIC GAS CHROMATOGRAPHY.
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IV.2. High-Performance Liquid Chromatography (HPLC)

The main drawback of GC is that thermally labile and high molecular weight
compounds such as biomolecules and polymers cannot be analyzed by GC. HPLC can be
applied for such solutes. As its name suggests, in this case the mobile phase is liquid while the
stationary phase can be an adsorbent or more frequently also a liquid (partition
chromatography). As we have mentioned in case of GC the choice of stationary phase is
critical during the method development as the set of eluent gases is rather limited. However,
in HPLC method development both the stationary and the mobile phase can be varied on a
wide scale to reach the best separation. Another dimension in HPLC is that the composition of
the eluent can be varied during the analysis itself. The various possibilities make method
development more challenging in HPLC.
Because of the physical properties of HPLC columns high pressure should be applied
to have an eluent flow through the column. Earlier the method was termed as high pressure
chromatography, too. Figure 43. shows the main parts and a layout of the HPLC equipment.

eluent

eluent

eluent

eluent

degasser

degasser

solvent organizer

solvent organizer

M

pump

pump

M
pump

I

I

column

column

D

D

Figure 43.: high and low pressure gradient HPLC (M: mixing chamber; I: injector; D: detector)
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Special pumps are available for the transport of eluent(s). The eluents are stored in suitable
containers. Pumps get the eluent through a degassing unit and then the eluent goes into a
solvent organizer which controls its composition by opening and closing appropriate valves
according to the preset program. The technique is isocratic when the composition of the eluent
is constant during the analysis while gradient elution means a computer controlled continuous
change in the eluent composition. Then eluents are mixed in a mixing chamber. The mixing
chamber can be located before the pump resulting an eluent mixture at atmospheric pressure.
These are the so called low pressure gradient systems. In other setup the eluents are mixed
after the pump and this is the high pressure gradient system (Figure 43.). This second setup is
more expensive as separate pump is necessary for all eluent components so small pressure
gradient systems are more common. After the pump there is the injector, the column, and
finally the detector. Of course, the whole system is controlled and detector data is collected by
a computer.

IV.2.1. Eluents

HPLC instruments usually can handle up to four different eluents. It is not convenient
and useful to apply even more eluent components. It is important to use high purity eluents
but even in that case a membrane filter is necessary to remove dust particles. It is also
important to have minimal amount of dissolved gases in the eluents as at high pressure these
gases form bubbles and stop working the HPLC instrument. Although there are in line
degassing units it is necessary to remove the dissolved gasses by bubbling inert gas (He, N2)
through the eluent or by applying ultrasound. The choice of suitable eluent or eluent mixture
is critical in HPLC method development. Solvents and eluents can be characterized by their
elution strength (Figure 44.). It is important to remember, that an eluent which is strong in
normal phase HPLC (see later) is weak in reversed phase HPLC and the opposite is also true.
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Eluotrop strength in normal phase HPLC
H2 O
MeOH
i-PrOH
CH3CN
acetone
ethyl-acetate
di-Et-ether
THF
CH2Cl2
CHCl3
CCl4
isooctane
hexane
Eluotrop strength in normal phase HPLC

Figure 44.: eluotrop strength of different solvents

IV.2.2. Sample introduction

The injection of the sample in HPLC is achieved by means of a six port switching
valve (Figure 45.).

figure 45.: manual HPLC injector
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Its working principle is similar to that of the gas injection ports of GC (Figure 39.) except that
the volume of the sample loop is 1-100 µl. The sample loop usually filled by using a micro
syringe and then by rotating the valve the sample is transferred onto the column by the
continuous eluent flow. Usually the analysis is automatically started by the rotation of the
valve which results better reproducibility then the manual start.
HPLC injectors can be manual ones but in case of high number of samples an autosampler is
more convenient to apply.

IV.2.3. Columns

As it was in case of GC methods, the heart of the instrument is the column where
separation occurs. HPLC columns are tubes of 3-30 cm length and 2-5 mm internal diameter
filled with the appropriate stationary phase (Figure 46.). The particle size is 3 or 5 µm and the
stationary phase is either the filling particle itself (adsorption chromatography, LSC) or a
suitable liquid on the surface of the particles (partition chromatography, LLC). The adsorbent
in LSC can be silica, Al2O3 or activated charcoal. Although column temperature in HPLC is
not so important than in GC, modern instruments routinely include column thermostat for fast
chromatography (UPLC) and other special applications.

Figure 46.: HPLC columns with different size

It is important to note, that not only classical analytical HPLC columns but semi preparative
or preparative columns are also available. Using these columns compounds can be purified
very effectively even on the mg-kg scale and they are usually applied in the pharmaceutical
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industry. Capillary HPLC columns are used in LC-MS instruments. Because of the MS
detector very small flow rates should be applied (µl-nl per minute) and for such application
capillary HPLC columns are the best choice. For analytical columns the flow rate is usually
0.5-3 ml/min.
A guard column or a guard cartridge is installed before the analytical column as it is
important to protect the expensive analytical column from contaminants and plugs.
Nowadays partition chromatography is almost exclusive in drug analysis. According
to the polarity of the stationary and the mobile phase there are normal phase (NP) HPLC and
reversed phase (RP) HPLC methods. In the NP case the column is polar and the eluent or
eluent mixture is less polar while in RP-HPLC, which is the most common setup, the
stationary phase is apolar and the mobile phase has higher and varied polarity (c.f. eluotropic
strength, Figure 44.). The polarity of the column depends on the end groups which are
chemically bonded to the carrier. These can be alkyl chain of various lengths (C8, C18, and
C30) or other functional groups. Nitril- or cyanoalkyl columns have medium polarity while
aminoalkyl groups are highly polar stationary phases. There are several column types and
brands on the market from various manufacturers. Above the chemistry of the stationary
phase the columns can differ in particle size, size distribution, length, internal diameter and
other characteristics. So in HPLC method development it is very important first to choose the
column optimal for the given analytical problem and than during the development phase to
choose the suitable eluents, gradient and other chromatographic parameters such as flow rate,
eluent composition, pH etc. to refine the separation. In practice this is a rather time consuming
and challenging process.

IV.2.4. Detectors

As for all analytical method the last step is the detection of the solute. In HPLC the
most often applied detection methods are UV-VIS spectrophotometric, electrochemical,
fluorescent or MS detectors. There are other detectors based on the measurement of optical
density, light scattering, polarimetry or IR spectrophotometer.
The most often applied HPLC detectors are UV-VIS detectors. They can work either
at constant wavelength which is rare today or more often, with variable wavelength. The so
called diode array detectors make it possible to measure the light absorption at different
wavelengths or even UV-VIS spectra can be recorded for all components. As the spectrum
gives structural information, too, such detectors are very useful for the analysis of multi
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component unknown samples. The main disadvantage of UV-VIS detectors is their relatively
high detection limit (ng). If sensitivity is a problem fluorescent, electrochemical or MS
detectors should be applied as they are more sensitive. LC-MS instruments are very useful for
bioanalytical measurements because of their high sensitivity and selectivity.

IV.2.5. Applications of HPLC

HPLC and its novel variant of UPLC have even wider applications than gas
chromatography. They can be equally applied for analysis of small molecules or analysis of
bio- or synthetic polymers. Of course, they can be applied in case of thermally sensitive
compounds, too. They are not applicable for gases or when a solution cannot be made from
our sample. HPLC instruments are everywhere in drug research and development,
pharmaceutical manufacturing, quality assurance, diagnostics, toxicology, research and other
laboratories.

IV.3. Supercritical Fluid Chromatography: SFC

When the mobile phase is a supercritical phase the method is supercritical fluid
chromatography (Figure 33.). Earlier this type of chromatographic methods was not reliable
but technical development made them more stable and reproducable. They are especially well
suited for drug analysis. Their advantage is that the hardware is very similar or the same as
that of HPLC but in this case the mobile phase is supercritical i.e. a compound above its
critical temperature and pressure. The layout of an SFC instrument is very similar to that of a
HPLC instrument (Figure 47.). The gas from a high pressure cylinder goes into a thermostat
unit to have the necessary temperature for the supercritical state. As the most often applied
eluent is the very apolar CO2, it should be necessary to enter additives by means of another
pump to increase polarity and in this way extend the applicability. The supercritical ‘gas’ and
modifier is mixed in a chamber and the sample is injected into this eluent flow. The sample is
separated on a column. In SFC the columns are similar than in HPLC. Then comes the
detector which is also similar to HPLC detectors but optionally GC detectors can be applied.
The back pressure regulator (BPR) is a very important part of the equipment as high pressure
should be maintained throughout the analysis within the instrument. At lower pressure the
supercritical phase would became gas and separate from the modifier and sample components.
BPR makes it possible to keep the eluent in one phase.
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Figure 47.: schematic representation of an SFC equipment (M: mixing chamber; I: injector; D: detector; BPR:
Back Pressure Regulator)

As it was mentioned, the most often applied eluent in SCFC is CO2. Other eluents include
NH3, saturated hydrocarbons, nitrogen-oxide and their mixture with organic modifiers. Figure
48. shows some example for the polarity of certain compound classes and the suggested
SCFC eluents.
SCFC has several advantage compared with HPLC. Method development can be faster
and operational costs can be lower as cost of eluent is low and there are no solvent handling
costs. Its additional advantage is that usage of toxic solvents can be decreased or eliminated.
Although CO2 is among the glasshouse gases but the emission from such analytical
application is negligible compared to other CO2 sources. The disadvantage of SCFC is that
several high pressure pumps are necessary so hardware costs are higher. Because of the
novelty of the method it is not completely reproducible and robust and its applicability is also
limited by the strict pharmaceutical and quality assurance regulations.
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Polarity of compounds
Apolar

polar
ethers
esters
aldehydes and ketones
alcohols
phenols
hidroxy-acides
benzylamines
sulfonamides
phenylureas
sulfonylureas
triazines
carbamates
CO2
CO2 + MeOH
CO2 + MeOH + other
Used eluent

Figure 48.: functional groups separated by SFC

In this chapter the two most often applied chromatographic techniques, GC and HPLC
were discussed in detailed and SCFC was mentioned briefly. Of course there are several more
high performance analytical techniques available. Because of the very small sample amount
and performance capillary electrophoresis is an emerging new method. For additional
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information, see: Roger M. Smiths (ed.) “HANDBOOK OF ANALYTICAL SEPARATIONS
vol. 4. BIOANALYTICAL SEPARATIONS”, L. R. Snyder, J. J. Kirkland “INTRODUCTION
TO MODERN LIQUID CHROMATOGRAPHY and Peter York, Uday B. Kompella, Boris Y.
Shekunov (eds.) Part III. 12. chapter: Analytical and Semipreparative Supercritical Fluid
Chromatography in Drug Discovery from the book entitled.“SUPERCRITICAL FLUID
TECHNOLOGY FOR DRUG PRODUCT DEVELOPEMENT”.
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V. Human drug metabolism

Large amount of exogenous substances are introduced into our body daily, which are
also called xenobiotics. These include drugs as well. One part of the substances entered into
the body serve as energy sources while others, which can not be utilized by the organism, are
transformed via different, typically enzymatic, mechanisms and then excreted and eliminated.
This “detoxifying” process is called biotransformation. Of course, the biotransformation
processes are not confined solely to xenobiotics, many endogenous molecules generate,
transform, activate or inactivate, perhaps degrade and eliminate through this process, since
these reactions are not limited to certain compounds, but are assigned to specific chemical
structures. Based on this, biotransformation is a process which controls the metabolism of
biologically active molecules formed in or entered into the organism. Thus, chemical
modification of exogenous substances (e.g. drugs) is also called biotransformation.
During metabolism drugs are transformed to more polar products which are easier to
eliminate and this result in the reduction of the effectiveness, however, in some cases the drug
is activated via metabolism and this phenomenon is used in the therapy as well. Furthermore,
it is possible that more potent or, in some cases, toxic metabolites are formed during the
biotransformation process. The metabolic processes, as already mentioned, independent from
the drug but depend on their structure. This means that the metabolic transformation can be
done on each molecule which contain a given functional group or have a certain structure.
This is important because only in this case is possible that the organism is able to metabolize a
wide variety of xenobiotics (there are some exceptions). The main detoxifying organ is the
liver but the kidneys, gut and other organs also contribute to the biotransformation of
xenobiotics.
The metabolism can be divided in two phases (another view is three). In the first step
drugs are transformed to more polar products via oxidation, reduction or hydrolysis. These
reactions are called phase-I reactions (Figure 49.). The metabolites formed during these
processes, depending on their polarity, can be directly eliminated through the kidneys or, if it
is necessary, can be further transformed in the so called phase-II reactions where the
metabolites are conjugated with endogenous substrates, so these reactions are also called as
conjugation reactions (Figure 49.). (During the mentioned phase-III the conjugated
compounds get out from the cells by different drug transporters and then the water soluble
molecules introduced into the kidneys by the blood, and excreted with the urine or secreted
with the bile into the gut and then get to the stool.) The compounds, however, does not always
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go through all the stages and not always in that order. There are drugs which are eliminated in
their original form while others conjugate directly and excreted (Figure 49.).

pharmaceutics

absorption
nonspecific binding
plasma
free
fraction

bounded to
proteins

distribution
receptor binding

phase I. reactions
METABOLISM
EFFECT
phase II. reaction
(conjugation)

ELIMINATION

Figure 49.: the fate of drugs in the organism and schematic representation of the metabolism

Most of our cells posses metabolizing enzymes, however, the most important organ is
the liver where most of the biotransformation processes take place. Beside the liver there is
biotransformation in other organs such as the lung, kidney, gut and skin. Biotransformation is
sometimes spontaneous but mainly enzyme catalyzed process.

V.1. Phase-I metabolic reactions

The enzymes of the microsomal enzyme system are synthesized and localized in the
endoplasmic reticulum (ER) of the liver and have crucial role in the metabolism of drugs.
During homogenization and centrifugation of the liver cells the ER network breaks and the
resulted fine particles form the microsomal fraction which is frequently used in drug
metabolism studies (see Chapter VII.). The microsomal fraction contains membrane bound
enzymes including phase-I enzymes (CYPs) and the UGTs from phase-II enzymes (see later).
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Most of the compounds (approx. 90%) are oxidized during phase-I. reactions.
Oxidation reactions can be divided in two groups microsomal, and non-microsomal oxidation.
Beside oxidation there are other types of reactions, reduction and hydrolysis as well.
Microsomal oxidation involves inter alia aromatic- and aliphatic hydroxylation, dealkylation,
oxidation of heteroatoms, epoxidation, etc. (Figure 50.). A common feature of these reactions
is that during these processes, in comparison with the original molecule, more polar products
are formed.

Figure 50.: main phase-I reactions

The phase-I reactions are catalyzed by the so called mixed function oxidases (MFO), which
can convert structurally diverse range of compounds, mainly xenobiotics with high lipidewater partition coefficient. The simplified reaction mechanism is the following:
RH + O2 + NADPH + H+

ROH + H2O + NADP+

(substrate)

(product)

The molecular oxygen is originated from the air and one of the oxygen atoms is incorporated
into the drug molecule while the other one is formed a water molecule. The reduced form of
nicotine adenine dinucleotide phosphate (NADPH) serves as the electron donor in the
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reduction of oxygen to water. The NADPH and oxygen molecules together can only be found
in the phospholipid membrane of the ER, where the microsomal enzyme system forms an
electron-transport chain.

V.1.1. The cytochrom P450 enzyme system

The most important and best characterized enzyme system of biotransformation is the
CYP system, which has crucial role in the metabolism of either endogenous molecules
(cholesterin, steroids, prostacyclins, tromboxane A2) or xenobiotics. CYPs are intracellular
membrane-bound enzymes and the “cyto” part of their name is referred to this. Furthermore,
the reduced form of it can bind carbon-monoxide and the enzyme-CO complex has an
absorption maximum at 450 nm. The “chrom” (color) part is referred to this heme pigment
and “P” in P450 stands for pigment also. CYPs are membrane-bound enzymes and are part of
an electron transport chain. They can be found in the endoplasmic reticulum and mithocondria
of many living organism, mainly in the liver. The CYP family contains many izoenzymes
which possess different substrate specificity; however, there are many overlapping. Their
classification is based on the similarities in their amino acid sequence. The CYPs are grouped
into families and subfamilies, according to their structural and functional similarities.
Generally, enzymes with 40% identity of the sequence are assigned to the same family and
with 60% to the same subfamily. The gene family is signed by an arabic number (1, 2, 3,…)
and the subfamily by capital letters (A, B, C,…). Another arabic number (1, 2, 3,…) indicates
the isoform’s order in the subfamily. For example, CYP3A4 indicates that this specific
isoform is the 4th member of subfamily A of family 3 of CytochromeP450 enzymes.
The contribution of the different CYPs in the biotransformation is different (Figure
51.). The metabolism of about 90% of the drugs is mediated primarily by 7 CYP enzymes.
The most important are the enzymes of the CYP1, CYP2 and CYP3 family from which the
contribution of CYP3A and CYP2D6 is the most significant. In humans, CYP3A enzymes
represent approximately 30% of the CYPs in the liver, while CYP1A2 represents about 13%,
CYP2A6 around 4%, the CYP2C enzymes approximately 18%, CYP2D6 about 2%, and
CYP2E1 approximately 7% of the total (Figure 52.). However, it has to be noted that the
importance of the individual enzymes in drug metabolism depends not only on their
abundance but also on the extent to which their substrate specificity coincides with the
spectrum of drugs.
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Figure 51.: human cytochromes P450 and their relative contribution to hepatic drug metabolism

The substrates of CYP1 family include many mutagenic polycyclic aromatic hydrocarbons
(PAHs) and various drugs, for example benzpiren, teophyline, phenacetin, etc.. Most of the
izoenzymes are extrahepatic and can be induced in different ways. Their inducibility would be
very high, up to 100 times. The main subfamily is CYP1A which has two members, CYP1A1
and CYP1A2, and the latter is more important in the metabolism of drugs. Its substrates
include inter alia coffeine, clozapine, imipramine, teophyline, mexiletine, propranolol and
verapamil (Table 10.).
The substrates of CYP2 family include numerous drugs (antihypertensive drugs,
antiepileptics, analgestics, etc.) and other compounds (steroid hormones, vitamin D3, acetone,
ethanol, etc.). The most important subfamilies are CYP2C, CYP2D and CYP2E.
The main isoforms of CYP2C are CYP2C8, CYP2C9, CYP2C18 and CYP2C19 from which
the most abundant is the CYP2C9, which metabolize numerous weak acids. It has a crucial
role in the biotransformation of acidic, non-steroid anti-inflammatory compounds and drugs
with narrow therapeutic index (e.g. warfarin, phenytoin and tolbutamide). The substrates of
CYP2C8 include inter alia paclitaxel, retinoic acid, tolbutamide and carbamazepine.
CYP2C18 has not significant metabolizing activity; however, CYP2C19 metabolizes
diazepam, omeprazole and proguanil as well.
One key member of CYP2D subfamily is CYP2D6 which is most abundant in the liver, but
smaller amounts in the brain, lung and gastrointestinal tract can also be found. The relative
contribution of it is only 2% of the total hepatic CYPs (Figure 52.), however, it has very
significant role in the biotransformation of drugs (Figure 51.). Its substrates include, inter alia,
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antipsychotics, antiarrhythmics, antidepressants, neuroleptics, opoids, selective serotonin
reuptake inhibitors (SSRIs), antitumor drugs and amphetamine as well. It is important to note
separately the codeine derivatives which are demethylated by this enzyme and thus become
the active metabolite, consequently in the case of reduced enzyme activity or the absence of
the enzyme, a reduced pharmacological effect or the absence of this can be observed result in
a reduced analgetic effect of the codeine and its derivatives.

13%
26%
4%
CYP1A2
CYP2A6
CYP2C
18%

CYP2D6
CYP2E1
CYP3A
Egyéb

2%
30%

7%

Figure 52.: relative amounts of individual human hepatic CYPs

The key isoform of CYP2E family is the inducible CYP2E1 which metabolize the alcohol.
Beside the liver it can be found in the kidney, lung, placenta and lymphocytes as well. It has a
central role in the metabolism of alcohols, aldehydes, fatty acids, ethers and halogenated
hydrocarbons; furthermore its substrates include drugs such as paracetamol, caffeine,
tamoxifen and disulfiram. Another important characteristic of this enzyme is that it generates
free radicals from a wide variety of compounds result in oxidative stress, protein and DNA
damage.
The CYP3A subfamily includes the most abundantly expressed CYPs in humans (Figure 52.)
which metabolises a wide range of clinically important drugs, including nifedipine, antibiotics
(e.g. cyclosporine, erythromycin), midazolam, diazepam, dextromethorphan, lidocaine,
diltiazem, tamoxifen, verapamil, cocaine, imipramine, rifampicin, carbamazepine and
theophylline
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Maybe this is the most important enzyme of drug metabolism, since about 50% of the drugs
are metabolized by this enzyme (Figure 51.). Its relative amount is at about 30% of the total
CYPs (Figure 52.) which is most abundant in the liver but it is also found in our intestinal
walls in considerable quantity. The enzyme expression is highly dependent on a prior
drug/chemical exposition. The enzyme has various inhibitors which inhibit the enzyme in
different extent based on different mechanisms.
The members of the other families catalyze endogenous processes (CYP4: fatty acid
hydroxylation and ω-oxidation; CYP5: biosynthesis of thromboxane; CYP7: biosynthesis of
steroids; CYP8: biosynthesis of prostacyclines; CYP11, 17, 19, 21: biosynthesis of steroids;
CYP24: metabolism of vitamin D; CYP26: metabolism of retinoids; CYP27: biosynthesis of
bile acids).

V.1.1.1. The structure of CYPs

CYPs are the members of heme-thiolate enzymes. The heme (Fe(II)protoporphyrin IX
complex) can be found in many proteins, e. g. hemoglobin, myoglobin, peroxidases, catalase
and cytochromes as well. The porphyrin ring consists of 4 pirrole rings connected via
menthenyl (=CH-) bridges to each other and contains an iron ion in the ferrous (Fe II)
oxidation state in the center. In contrast to other heme containing proteins, in the case of
CYPs the iron protoporphyrin IX complex is connected to the protein via the S atom of
cysteine instead of the N atom of a hystidine (Figure 53.).

Figure 53.: protoporphyrin IX part at the active site of CYPs
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V.1.1.2. The CYP cycle

The main function of CYPs is monooxigenation, thus the incorporation of an oxygen
atom into the substrate molecule, with simultaneous reduction of the other oxygen atom,
yielding a molecule of water. The steps of the catalytic cycle can be seen in Figure 54.. The
heme moiety of CYPs contains the iron at the ferric state (FeIII) which binds the substrate, so
the water is eliminated, and form the FeIII-substrate complex. In the second step the ferric
complex undergoes reduction and forms a ferrous-substrat complex (FeII-RH), by an electron
originating from NADPH, which readily binds molecular oxygen, yielding the
oxycytochrome P450 complex.
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Figure 54.: catalytic cycle of CYPs
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In the next steps from the oxycytochrome P450 complex a highly unstable ferric
hydroperoxide complex is formed by accepting one electron and an H+. After heterolytic
cleavage of the dioxygen bond in the ferric hydroperoxide complex concomitant with the
uptake of a proton and the loss of a molecule of water produces the ferryl intermediate,
represented by an FeIV=O coupled to a porphyrin radical cation what oxidizes the substrates.
In the last step the ferryl oxygen is transferred to the substrate to give an oxygenated
metabolite. Than it dissociates from the complex and substituted by a water molecule result in
the initial state of the enzyme.
It is important to note that there is an alternative pathway for oxidation the peroxide
shunt. In this case interaction with single-oxygen donors (alkyl-peroxides, hydrogen peroxide,
peroxo acids and hypochlorites) can lead directly to the formation of the iron-oxo
intermediate, allowing the catalytic cycle to be completed without the internal steps. This
process plays a crucial role in the case of lipidperoxidation. The application of artificial
metalloporphyrins, which are used for drug metabolism studies, is based on the peroxide
shunt pathway (see Chapter VI.) also.

V.1.1.3. Enzyme induction and inhibition

Since CYPs have strong effect on the concentration of drugs it is important to mention
the enzyme induction and inhibition phenomena.
In the case of induction the enzyme level and activity is increased due to different
xenobiotics. The mechanisms of induction of different enzymes by various xenobiotics are
different. In order to develop the induction often days or weeks are necessary, furthermore,
after elimination of the inducer the increased enzyme activity and expression may remain for
longer periods of time. The direct consequence of enzyme induction is a decrease in
pharmacological activity, and hence inefficacy at the usual therapeutic doses due to an
accelerated rate of biotransformation of the drugs.
The different xenobiotics would be not only inducers but inhibitors of various enzymes as
well. In contrast to induction the metabolism of a given drug is decreased in this case due to
the lower enzyme level and activity. The direct consequent is an increased concentration of
the drug result in adverse side or, in some cases, toxic effects. The degree of inhibition
depends on the dosage and the extent of binding to the enzyme of the inhibitor (strong and
weak inhibitors). The inhibition is a faster process than induction and is terminated sooner in
contrast to induction.
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The most important CYPs, their inducers and inhibitors can be found in Table 6.

Table 6.: the major CYP enzymes and some of their substrates, inducers and inhibitors
CYP enzyme

CYP2A6

substrates
imipramine,
coffeine, teophylline
mexiletine, clozapine,
propranolol, verapamil
coumarins, aflatoxins

CYP2C9

NSAIDs, phenytoin,
tamoxifen, sulphonylureas

CYP1A2

CYP2C19

CYP2D6

CYP2E1

CYP3A

barbiturates, omeprazole,
phenytoin, R-warfarin
antipszichotics,
antiarrhythmics, opiates,
SSRIs
ethanol, paracetamol,
halothane
calcium channel blockers,
opiates, macrolide
antibiotics, cannabinoids,
protease inhibitors, statins
(except pravastanin), taxol,
tacrolimus

inhibitors
amiodarone,
cimetidine,
fluvoxamine

inducers
burnt food, smoking,
Brussels sprouts,
insulin

grapefruit-juice,
metoxalone
fluvastatin,
fluvoxamine,
isoniazid
cimetidine,
fluoxetine,
ketoconazole
amiodarone,
cimetidine, SSRIs,
histamine H1
receptor antagonists
sulphides
(disulfiram, diallyl
sulphydes)
amiodarone,
fluconazole,
cimetidine,
grapefruit-juice,
steroids, protease
inhibitors

rifampicin,
phenobarbital
rifampicin,
phenobarbital
carbazepine,
prednisone,
rifampicin
no known

ethanol, acetone,
isoniazid
barbiturates,
carbamazepine,
glucocorticoids,
phenytoin, rifampicin

V.1.1.4. Polymorphism of CYPs

It have to be mentioned another important definition in connection of CYPs, the
polymorphism. There is significant individual variability in the drug metabolising activity of
the microsomal oxidation system, consequently in the effects of the different drugs as well.
One of the main reasons of it is the genetic variability of the enzymes, also called
polymorphism. The polymorphism must take into account during drug development since in
the case of highly polymorphic metabolism of a drug candidate its pharmacokinetic (ADME)
parameters show high variability. Differences in metabolism of various therapeutic
compounds as a consequence of polymorphism, can lead to severe toxicity or even therapeutic
failure, by altering the relation between dose and blood concentration of the
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pharmacologically active drug. This makes the administration of the drug more difficult
during clinical trials and in order to carry out a successful clinical trial it is important to
employ genotypized population, furthermore, it may be necessary therapeutic drug monitoring
as well.

V.1.2. Non-microsomal oxidation

Beside the microsomal oxidation, there are other oxidation transformation pathways
also catalyzed by non-cytochrome enzymes. These enzymes include the alcoholdehydrogenase (ADH), aldehyde-dehydrogenase (ALDH), molybdenum-hydroxylases and the
mono-, di- and polyamine-oxidases (MAO, DAO, PAO).
ADH oxidize alcohols to the corresponding aldehyde using NAD+ cofactor (e. g. ethyl
alcohol to acetaldehyde), then aldehydes are further oxidized to the corresponding carboxylic
acid catalyzed by ALDH using NAD+ as cofactor also. A simplified reaction mechanism is
the following:

R-CH2-OH + NAD+

R-CH2-CHO + NAD+ + H2O

ADH

ALDH

R-CHO + NADH + H+

R-COOH + NADH + H+

Molybdenum hydroxylases are molybdenum containing flavoproteins. The two most
important representatives are the aldehyde oxidase (AO) and xanthine oxidase (XO). XO has
a crucial role in the metabolism of purine bases to uric acid. Unfortunately, xanthine oxidase
is also implicated in several toxic responses, the most important being the generation of
reactive oxygen species (ROS) and free radicals, which can cause lipid peroxidation and
induce tissue damages. AO is also molybdenum containing cytosolic enzyme, existing only in
the oxidised form. The mechanism of action is similar to XO and it has similar roles
complementary to those of the monooxygenases in the biotransformation of both endogenous
and exogenous substrates.
The third mentioned group includes the MAO, DAO and PAO enzymes from which
the MAO is the more important. These enzymes have a crucial role in the biotransformation
of a given kind of neurotransmitters. MAO is a membrane-bound enzyme, present in two
different forms, MAO-A and MAO-B. These enzymes are found in many tissues, however,
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the liver, kidneys, stomach, gut wall and brain have the highest enzyme level. It is important
to note the inhibition of both isoenzymes in the same time can result in serious hypertonic
crisis. In the case of inhibition of MAO-A and B of the gut the thyramine is absorbed from
foods (cheese, liver, fish, banana, red vine) which contain thyramine result in hypertonic
crisis.

V.1.3. Reduction

Beside oxidation drugs and other xenobiotics can be transformed in other processes.
These reactions include reduction and hydrolysis as well.
Since reduction is parallel with oxidation this process is also called as oxido-reduction.
The bacterial flora of the gut, some CYP450 microsomal enzyme and the AO are catalyzed
this type of reactions. Usually, nitro-, azo-, carbonyl-, sulphoxide-group containing molecules
undergo reduction, but dehalogenation may also proceed in a reductive manner (Figure 55.).
Reduction of azo- and nitro-compounds usually yields primary amines. Aldehydes and
ketones are reduced to the corresponding respective primary and secondary alcohols. In the
case of dehalogenation a Hlg atom is changed to H. During this reaction free radicals are
formed, which could further stabilize or bind to proteins or other molecules result in cellular
damages.
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Figure 55.: some representative reductive reactions

V.1.4. Hydrolysis

The phase-I reactions include hydrolysis as well. Usually esters, amides, thioesters and
phosphoric acid esters are metabolised via hydrolysis, but epoxides also can be transformed
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through this process (Figure 56.). The enzymes which catalyze this type of reactions are
carboxyl esterase, pseudo-cholinesterase and epoxide hydrolase. Epoxides usually are formed
during microsomal oxidation. Since epoxides are easily bind to biomolecules (proteins,
nucleic acids) hydrolysis has a crucial role in detoxification also.

Figure 56.: representative hydrolytic reactions

V.2. Phase-II metabolic reactions (conjugation)

In the second phase of biotransformation the metabolites, which were formed in the
phase-I reactions, are conjugated with different endogenous substrates via one or more
functional groups located originally on the molecule or created in phase-I reactions. The
common characteristic of conjugation is that an H atom of hydroxyl, amino, carboxyl, etc.
group is changed to the substrate. Usually, the formed conjugates are pharmacological
inactive (except the morphin-6-glucuronide), water soluble and readily eliminated from the
body. The most common endogenous substrates are glucuronic acid, glutathione, amino acids
(mainly glycine) and methyl-, sulphate- and acetyl groups (Table 7.). The processes are
catalyzed by different transferases localized in the microsome and cytosol either.
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Table 7.: Phase-II metabolic reactions
type of
conjugation

endogenous substrate
(abbreviation)

glucuronide

UDP-glucuronic acid
(UDPGA)

acetyl

Acetyl-CoA
(Ac-CoA)

transferase enzyme-abbr.
(localization)
UDP-glucuronosyl
transferase-UDPGT
(microsome)
N-acetyl-transferase-NAT
(cytosol)

substrates
phenols, alcohols,
carboxylic acids,
sulphonamides
amines, hydrazines

glutathione

glutathione (GSH)

GSH-S-transferase-GST
(cytosol, microsome)

amino acid

amino acid

Acyl-CoA-AS- transferase
(mithocondrium)

epoxides,
hydroxilamines, nitro
group
carboxylic acids, acylCoA-derivatives

Sulphotransferase-ST
(cytosol)

phenols, alcohols,
aromatic amines

Methyltransferase-MT
(cytosol)

amines, phenols,
alcohols

sulphate
methyl

3-phosphoadenosine5-phosphosulphate
(PAPS)
S-adenosylmethionine (SAM)

The conjugation reduces the staying time of the drug in the organization; there is no time
for further formation of any new metabolite or conjugate, thus preventing further
biotransformation, for example the partial hydrolysis of glutathione conjugates when 2 amino
acids are splitted from glutathione.

V.2.1. Glucuronidation

Glucuronidation is the most common and most important conjugation reaction. This
can take place on free COOH-, SH-, OH- and NH2-groups localized on the substrate. The
glucuronic acid, which is the endogenous substrate, is formed from uridine-diphosphoglucose (UDPG) (Figure 72.). The conjugation is catalyzed by different uridine-diphosphoglucuronisyl transferase (UDPGT) isoenzymes. These are microsomal, membrane-bound
enzymes found in liver, lung, skin, intestine, brain and olfactory epithelium; however, the
major site of glucuronidation is the liver. The general mechanism of conjugation can be seen
in Figure 57., while the most common functional groups undergoing glucuronid conjugation
can be seen in Figure 58.
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Figure 57.: general mechanism of glucuronid conjugation

Figure 58.: the most common functional groups undergoing glucuronid conjugation
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The substrates of UGTs include not only xenobiotics but endogenous compounds as well. For
example steroids, thyroxin but the most important is the bilirubin. In the case of bilirubin this
is the major pathway of detoxification. Without gulcuronide conjugation bilirubin can not be
eliminated from the organism result in, in extreme cases, serious neurological damages.
There are molecules which have more functional groups suitable for glucuronide
conjugation. In these cases multiple glucuronide conjugates are also formed. The glucuronid
conjugates are excreted by the kidneys but in the case of multiple glucuronidation, because of
the size of the metabolite, these are excreted in the intestinal tract together with bile. In the
gastrointestinal tract the conjugates are hydrolyzed by β-glucuronidase present in the
intestinal flora, making possible the reabsorption of the original drug or its metabolite. This is
the so called enterohepatic cycling.

V.2.2. Glutathione conjugation

Glutathione (GSH) is a tripeptide which is built in from glutamic acid, cystein and
glycine (Figure 59.). It has crucial role in the detoxification of toxic, highly electrophilic
compounds (epoxides, and halogen, nitro and sulphate group containing compounds). There
are only a few drugs which undergo GSH conjugation, thus, conjugation with glutathione
(Figure 60.) usually results in detoxification of the electrophilic intermediers, formed in the
phase-I reactions, by preventing their reaction with proteins and nucleic acids.

Figure 59.: the structure of glutathione

GSH conjugation is a multistep process. This involves the formation of a thioether link
between the GSH and electrophilic compounds catalyzed by the glutathione-S-transferase
(GST). Then the GSH conjugates undergo further enzymatic modification by hydrolysis of the
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glutathione-S-conjugate by the enzyme γ-glutamyl-transferase (γ-GT) yielding a dipeptide
which may be further attacked by a peptidase which removes the glycine result in the cysteine
conjugate of the xenobiotic. The final step is the acetylation of the formed cysteine conjugate
result in the N-acetylcysteine conjugate of mercapturic acid.

Figure 60.: simplified mechanism of GSH conjugation

The formation of GSH conjugates is limited. When glutathione stores of the cells are depleted
cell damage can occur result in, in severe cases, cell death.

V.2.3. Acetylation

Basically this reaction is acetate formation using acetyl-coenzyme-A (Ac-Co-A) as
cofactor. The reaction is catalyzed by N-acetyl-transferase (NAT) (Figure 61.). Acetylation
can occur mainly on amino group containing molecules but other compounds (e. g.
sulphonamides, hydrazines, amino acids) can be acetylated also. Contrary to other
conjugation reactions acetylation yields metabolites which are less soluble in water than the
parent drug. This phenomenon has toxicological importance (for example renal toxicity of
sulphonamides).
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Figure 61.: simplified mechanism of acetylation

V.2.4. Sulphation

Sulphate conjugation is the second most common conjugation reaction, which is
contrary to glucuronidation, is a saturable process. The catalyzing enzymes are the
sulphotransferases which are localized in the cytosol of liver cells and 10 human isoenzymes
are identified until today. This is a major conjugation pathway for phenols, but also
contributes to the biotransformation of alcohols, amines, and to a lesser extent, thiols. The
simplified reaction mechanism is shown in the following reaction:

The sulphate donor in the reaction is the PAPS (3-phosphoadenosine-5-phosphosulphate)
(Figure 62.). The synthesis and structure of PAPS can be seen in Figure 62. This process
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includes the activation of inorganic sulphate, first, by converting it via ATP to adenosine-5’phosphosulphate (APS), and further to the activated form PAPS. Each step is catalyzed by
specific enzymes, present in the cytosol. Sulphate groups are provided by the oxidation of
sulfur containing amino acids (cysteine, methionine).

Figure 62.: the synthesis and structure of PAPS (APS: adenosine-5’-phosphosulphate)

V.2.5. Methylation

This is a relatively rare form of conjugation. It has greater significance in the
biotransformation of endogenous compounds, however, some drugs may also undergo
methylation on their SH-, OH- and mainly NH2-groups. The co-factor required to form methyl
conjugates is S-adenosylmethionine and the process (Figure 63.) is catalyzed by
methyltransferases found in the endoplasmic reticulum membrane in the lung, liver and
kidney. These enzymes have a crucial role in the biosynthesis (phenylethanolamin-Nmethyltransferase methylates noradrenaline yielding the product adrenaline) and inactivation
(catechol-O-methyltransferasemethylates the 3-OH group of the catechol ring) of
catecholamines. The general mechanism of methylation is seen in Figure 63.
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Figure 63.: simplified mechanism of methylation

V.2.6. Amino acid conjugation

Amino acid conjugation reactions generally involve one or two amino acids, glycine
or glutamic acid, the former being the more common. These reactions can occur with
substrates containing either an alcohol, or a carboxyl. This process is considered as a special
form of acetylation where not an endogenous substrate but the drug is activated then this will
react with an amino group containing endogenous substrate (Figure 64.). Such conjugation
with amino acids represents an important metabolic pathway in the elimination of carboxylic
acids. The resulting metabolites are water-soluble ionic conjugates. Usually, these are less
toxic then the precursor carboxylic acids and are readily excreted into the urine or bile.

Figure 64.: conjugation of carboxylic acids with glycine
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Although this chapter is not related to analytical techniques it was important to insert
into the note, because in the following chapters that kind of techniques will be discussed
which are used in drug metabolism studies. In order to clearly understand their application it
is important to know the processes based on the following techniques. Since the metabolism
of drugs is not the subject of this note to whom who wants more information about human
drug metabolism I suggest the following books: Paul G. Pearson és Larry C. Wienkers (eds.),
Handbook of Drug Metabolism, and Corina Ionescu és Mino R. Caira (eds.), Drug
Metabolism, Current Concepts.
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VI. Biomimetic modell systems in the drug metabolism studies

The prefix „bio” and the word „mimetic” refer to being identical to different
life processes and (being) based on imitation respectively, which means that these in vitro
systems are to model processes taking place in the organism. They have a rather significant
role in preclinical studies since by means of these systems the most suitable drug candidates
can be selected for later pharmacokinetical and toxicological animal tests as well as for
clinical (phase I-III) studies. Both the number of animals necessary for experimental
procedures and (clinical) expences can be reduced this way. These modeling systems enable
both qualitative and quantitative analysis of the oxidation product(s) formed from the original
molecule chosen which can give us some pieces of information about toxicity and possible
side effects of the compound investigated. Another advantage of in vitro systems is that they
can be adequately validated so that one gets reproduceable results in contrast to in vivo
experiments where each subject of the same experimental animal species posesses different
metabolic enzime system just like humans do. However, there is only a little correlation
between these techniques and the real in vivo situations which gives rise to the most
significant disadvantage of these methods.
Biomimetic systems model processes involved in the microsomal oxidation a part of
the phase-I of drug biotransformation. Oxidation can be carried out by either the Fenton
reaction, systems containing synthetic porphyrins or by the application of electrochemical
cells using either off-line or on-line mass spectometric detection (EC-MS, EC-LC-MS). Some
special modifications of the devices enable investigation both of phase-I and II of drug
metabolism.

VI.1. Synthetic porphyrines
Nowadays there is a rather versatile application of synthetic metalloporphyrincontaining systems. The biological use is based on their participation in oxidation reactions.
Thereby among other things they can be applied for the investigation of oxidation processes
catalysed by the cytochrome-P450 enzyme family. Syntethic metalloporhyrins applied in
biomimetic investigations (Figure 65.) can be divided into three basic groups which includes
also classification according to advantages developed during their synthesis. However, the socalled „first generation” models have been shown to posess several drawbacks. The most
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unfavorable property is that under oxidative conditions they tend to form dimers resulting in
the loss of their catalytic activity which in turn disables their entry any oxidation cycle. Their
high susceptibility to oxidative degradation gives rise to another notable problem moreover as
a result of their hydrophobic character they show only a poor solubility in water.
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Figure 65.: structure of synthetic porphyrines; M: Fe, Mn, Cr, Ru
I. generation metalloporphyrines: R; X: H
II. generation metalloporphyrines: R: H; X: Hlg, alkyl, SO3H
III. generation metalloporphyrines: R: Hlg; X: Hlg, alkyl, SO3H

The „second generation” compounds were obtained by the substitution reactions (halogen,
alkyl, O-alkyl, -SO3H) of the phenyl group. Dimer formation between these derivatives is
streically hindered and even their catalytic activity is enhanced by electron-withdrawing
substituents since they cause an electron deficient state of the central metal ion. In addition
sulfonic acid group bearing derivatives are water soluble thereby these models fit better the
physiological circumstances. The „third generation” is a further improvement prepared by
halogenation reactions of the pyrrole ring member in the macrocycle increasing the
electrophile character of the oxo-metal komplex which then further enhanced its catalytic
activity. In addition to the classification described above these synthetic metalloporphyrins
can be categorized also according to the central metal atom (Fe, Mn, Cr or Ru) they contain.
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There are two kinds of metalloporphyrin-containing systems which can be used for
biomimetic experiments. The first one modellizes the complete catalytic cycle of CYP-450
while the other one only the oxidation process of the enzyme occuring via the so-called
“peroxide-shunt” (Figure 66.). Since all intermediate steps are omitted here this latter process
takes place much faster where the oxidating agents (H2O2, m-chloroperoxybenzoic acid,
iodosylbenzene, NaOCl or perchlorates) serve as the source of both single oxigen and
electrons.
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Figure 66.: the peroxide shunt

In this reaction the applied metalloporphyrin gets converted into a very reactive higher
oxidation state oxo-complex which in turn oxidizes the investigated molecule and thereby its
original ground state metalloporphyrin structure becomes restored (Figure 67.).
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Figure 67.: catalytic steps of porphyrines as a model of the peroxide shunt

In the case of biomimetic system experiments investigating the complete cycle a combination
of molecular oxygene and a reducing agent (NaBH4, ascorbic acid, Zn(Hg) or colloidal Pt/H2)
is applied.
These systems are most suitable for modeling epoxidation, aliphatic and aromatic
hydroxylation or oxidation of heteroatoms.

VI.2. The Fenton-reaction

The reason for the great oxidation potential of reactive oxygen species (ROS, free
radicals containing oxygen) lies in the unpaired electron they bear on their valence shell
which is rather unfavorable hence they do try to gain electron in order to reach a lower energy
state level. From the physiological point of wiev their normal and constant production is
necessary beeing involved in numerous processes of signal transduction (e.g. the endothelial
NO• which acts as a vasodilator and is produced from L-arginine by the nitric oxide
synthetase enzyme ). However, an overproduction of these radicals can lead to sever cellular
injuries. Hydroxyl radical which is well known even about its role in development of several
diseases (ischemic injuries, circulatory disorders) is considered to be one of the most harmful
(among) ROS. The most significant physiological source of this radical is the Haber-Weiss
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reaction where Fe3+ gets reduced to Fe2+ by the superoxide anion thereby inducing the Fenton
reaction between Fe2+ and hydrogen peroxide (Figure 68.).
Fe3+ + •O2−

Fe2+ + O2

Fe2+ + H2O2

Fe3+ + OH- + •OH

Figure 68.: simplified mechanism of Fenton-reaction

For investigation of the oxidative drug metabolism the higly electrophilic hydroxyl
radical formed in the second reaction will be used. This extremely reactive species initiates
oxidation reactions with various compounds. During the second step of the Fenton reaction
Fe2+ gets oxidized to Fe3+ which must be reduced back to the Fe2+ state otherwise the reaction
will stop. This reduction reaction can be performed either chemically by addition of a
reducing agent (e.g. ascorbic acid) to the reaction mixture or electrochemically using an
electrochemical flow-through cell (Figure 69.). The major advantage of the latter procedure is
that after initiation of the Fenton reaction by reducing Fe3+ (the inactive Fenton mixture
contains FeCl3 and H2O2) the reaction mixture can be directly injected into the LC-MS system
(on-line EC-Fenton-(LC)-MS), which enables an immediate separation and analysis of the
possibly formed metabolites.
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Figure 69.: EC(Fenton)-LC-MS equipment
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This setup makes the regeneration and thereby even the analysis much faster compared to that
one using the traditional reduction reaction method. In addition the on-line technique applied
speeds up also data processing.
The Fenton reaction is most suitable for modeling oxidation reactions of heteroatoms,
dealkylation and hydroxylation, though appropriate reaction conditions enable also
investigation of several other types of reaction by means of both the classical and the
„instrumental” Fenton reaction.

VI.3. Electrochemical oxidation
It was the electrochemical oxidation (EC) the first classic instrumental method used in
experiments focusing on drug metabolism modeling. At the beginning basically off-line
techniques were applied then later the coupled systems became more prefered due to the
introduction of so called electrochemical flow-through cells, which are kinds of EC cells
through of which there is a continous liquid flow and thereby also the oxidative
transformation reaction takes place uninterrupted. These methods provide a much faster and
preciser analysis than the off-line techniques do, however, they require a very precise
optimization (e.g. flow rate, pressure etc.).
The application of on-line techniques was a great progression since in this case the
product can be analysed right after completion of the oxidation reaction, which is a rather
important factor as the half life of many metabolites is very short. These intermedier
metabolites are the most reactive ones and thereby the most dangerous ones too. The general
structure of an instrument contantaining EC cell is outlined on Figure 70.
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Figure 70.: schematic block diagram of an EC-LC-MS equipment
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In case the instrument contains no LC coloumn it calls EC-MS, but if it does its name is ECLC-MS. The central part of the instrument is the EC cell where the oxidation reaction takes
place. All these are traditional cells, which contain the working electrode, the reference
electrode and the counter electrode. In the geometrical point of view there are two ways to
carry out these examinations, one is represented by the so called thin-layer electrodes, and the
other possibility is use of porous electrodes (Fig. 71.). The first one is also called
amperometric cell and the second one also coulometric cell. In the case of plain or thin layer
form the working electrode looks like a flat plane, which is just less favourable and is even
the main disadvantage of this system, since here the oxidation reaction can take place
exclusively on the surface of the electrode.
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Figure 71.: basic cell design of „Flow-throught” cells thin-layer (a); porous (b)

The service periods are here much shorter since if the surface gets polluted it is not sure that
the oxidation reaction can take place on it. Compared to porous electrodes it is even more
difficult to couple it to other instrumental units as in the previous case. The oxidation reaction
takes place exclusively on the surface which just does not allow a too high flow rate (if it
would it could result in a rather low ratio of transformation) however, a too low flow rate
causes also a decrease in efficiency of all the other units (HPLC, MS interfaces).
In contrast the porous electrod is much more effective, in this case the surface where the
oxidation reaction can take place is much bigger (the test mixture flows through the electrode)
so, if even 10% of the surface is polluted the ratio of transformation can remain adequate in
addition, also the service periods are much longer. Rather much care must be take on the
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appropiate setting of the potential of the EC cell as with changes in the cell voltage formation
of different oxidation products is possible.
The results of experiments carried out with EC-LC-MS show a good correlation with
those ones resulting from experiments of rat, murine and human liver microsomes.
Instruments operating with EC cell are most suitable for modelling N-dealkylation, S-, Poxidation, alcoholic oxidation and dehydration reactions.

VI.4. Experimental setups for the investigation of Phase-I and II reactions
Methods decribed previously enable only investigation of the reactions taking place in
the phase-I of biotransformation. However, since it is a very often case that not the metabolite
itself but its conjugate shows toxicity, it is important to enable investigation of both phases
during the same measurement and thereby the complete metabolic process can be modelized.
A general structure of instruments suitable for these investigations is shown on Figure 72.
What they are common is that the EC cell is followed by a reaction loop where the
conjugation reaction takes place. Care must be taken that the oxidation reaction has to occur
only after passage through the EC cell (that means after the oxidation step) otherwise also the
starting reaction mixture the enzyme and substrate necessary for the conjugation reaction and
in this case also these undergo an oxidation transfomation. The compound to be oxidized, the
substrate, enzyme and cofactors required for the oxidation reaction will be injected by the use
of a syring into the system. After completion of the reaction the sample gets either directly
into the MS (EC-MS) or by insertion of a column switching valve it becomes separated on an
LC column and only after that will be detected the end product (EC-LC-MS). Formation of a
conjugate enables not only the investigation of the basic processes but it can play a rather
important role also in studying the intermedietes since the conjugation reaction may often
result in the formation of a much more stable endproduct which facilitates both its
investigation and detection, in addition in the body its secretion, and also disposal will be less
complicated this way.
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Figure 72.: schematic view of EC-LC-MS and EC-MS equipments suitable for the investigation of phase-I and II
reactions

In this chapter the metabolic model systems suitable for the R & D of potential drug
candidate were described. Nowadays thousands of newer and newer potential drugs are
synthetised daily. Only few of these get in the human phase I-III. of development. First, this
huge number of candidates must be decreased since prior to human phase studies in vivo
experiments have to be carried out in animals. However, the different animal experiments do
not enable investigation of thousands of compoundunds these techniques enable selection of
molecules that are suitable for further development thereby both the number of test molecules
and the number of animals can be significantly decreased. The basics of the techniques
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described in this chapter were discussed during physico-chemical and biochemical courses in
detail. For further details see the following publications: Wiebke Lohmann, Uwe Karst:
Biomimetic modeling of oxidative drug metabolism, strategies, advantages and limitations.
Anal Bioanal Chem (2008) 391: 79–96.; Tove Johansson, Lars Weidolf, Ulrik Jurva: Mimicry
of phase I drug metabolism – novel methods for metabolite characterization and synthesis.
Rapid Commun Mass Spectrom (2007); 21: 2323–2331.
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VII. In vitro and ex vivo techniques in the drug metabolism studies

The research field pharmacokinetics studies biotransformation pathways of different
candidate drugs which involves the processes of: Absorption, Distribution, Metabolism,
Elimination and Toxicity (ADMET). Since basically these properties affect the overall profile
of drugs, in the early stages of development of any new compound exact and well detailed
knowledge of those factors above allows a time- and cost -saving selection of candidate drugs.
Importance of ADMET is proven by the observation that exclusion of ca. 30% of candidate
drugs during the clinical phase occurs because of their inadequate ADMET and other
biopharmaceutic properties.
The preclinical investigation phase involves first in vitro models followed by in vivo
experiments in various animal species (murine, rat, rabbit and dog) for the investigation of
main pharmacokineti, pharmacodynamic properties and possible toxicity of candidate drugs.
One of the most important factors what is determines the toxicity and pharmacologic effects
of a drug is the metabolism. Because of this, biotransformation studies are very important in
the early stages of dug research and development. In vitro experiments are preferred both
because of their work- and cost-saving properties and also because there is no need for high
number of animals and in addition they can be carried out also using human cell cultures or
cell fractions. Experimental data obtained by these latter methods -by means of appropriate
scaling methods- allow prediction of the expected events of the clinical phase. However there
is a doubt about reliability of these predictions.
A key question in drug biotransformation is how to obtain reliable extrapolations from
the in vitro or in vivo animal studies to clinical practice. Therefore the aim of these
experiments is to establish a model system suitable for reliable predictions of events expected
during human biotransformation. Several models - ranging from (recombinant) isolated
enzymes to the intact perfused liver (Figure 73.) - have been already developed in the past
suitable for obtaining early information about biotransformation pathways and possible drugdrug interactions of the investigated compound at the metabolic level. The quality of the
human liver used for the in vitro experimental methods, discussed bellow, is of particular
importance regarding the outcome of these studies. This is especially true for precision-cutted
liver slices and isolated hepatocytes. Livers not suitable for transplantation or liver sections
deriving from biopsies are used for preparation. Organs (sections) have to be processed within
the possible shortest period of time to ensure high viable cell yield, or in case of cell
fractionation, the possible highest enzyme activity. In order to find the appropriate model
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system in a given situation a number of factors, like in vivo resemblance, expense, availability
of the given model and also ethical considerations should be regarded.
Many human liver models have been developed during the last decades (Figure 73.)
which resulted in simplification of the experimental processes. However, in addition to this
beneficial effect unfortunately also many disadvantages can be listed because of which they

in vivo animal models

isolated perfused liver

liver slices

primery hepatocytes

cell lines

HL S9

HLM +HLC

supersomes

can not be widely used as alternative in vivo selection methods.

Easy applicable

Ethically acceptable

Resemblance of in vivo
situation

Figure 73.: in vitro and in vivo models in the drug R & D.
(HLM: Human Liver Microsomes; HLC: Human Liver Cytosol; S9: Supernatant 9000g)

VII.1. Supersomes

Transfection of human P450 or UGT in microsomes (consisting of vesicles of the
hepatocyte endoplasmatic reticulum) of insect cells, which lack endogenous activities of these
enzymes, offers a possible tool in human biotransformation studies. Since this expression is
baculovirus mediated these microsomes are sometimes referred to as baculosomes or rather as
supersomes. At present by means of this supersome expression method all common human
CYPs (coexpressed with NADPH-cytochrome P450 reductase and optionally cytochrome b5)
and UGTs are available and this specific expression allows the observation of the contribution
of the individual enzymes to the biotransformation pathway of the compound investigated.
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Parallelly, incubation with nontransfected supersomes, as a control, always has to be
conducted. In enzyme activity measurement experiments, energy demand of CYPs is supplied
by coaddition of either a NADPH-regenerating system (β-NADP, glucose-6-phosphate,
glucose-6-phosphate dehydrogenase) or NADPH, while UGT requires uridine-diphosphoglucuronic acid as a cofactor.
Application of supersomal expression allows not only isozyme-specific drug
biotransformation studies but also drug-drug interaction investigations. The major
disadvantage of UGT supersomes is that the UGT active site is shielded there by a
hydrophobic barrier (however, this can be overcome by addition of a pore-forming agent, e.g.
alamethicin) thereby causing a latency in glucuronidations.

VII.2. Human Liver Microsomal, Cytosolic and S9 fractions (HLM, HLC, HLS9)

However, all three human liver subcellular fractions are commercially available they
simply can be prepared by differential centrifugation either of fresh human liver as well as of
liver slices, liver cell lines or primary hepatocytes. The S9 fraction can be obtained by a
centrifugation at 9.000 g by which we can remove cellular debris, nucleus and mitochondria.
The rest contains both cytosolic enzymes and those ones attached to membranes. This fraction
is a basically rough liver preparation the further application of which can give rise to many
difficulties. Another centrifugation at 100.000 g gives the microsomal fraction (vesicules of
the membrane of the endoplasmic reticulum). After preparation all fractions must be stored at
-80 oC and protein concentration has to be determined each time before starting an
experiment.
The advantage of HLM is that the preparation needs low cost and serves thereby the
most favored in vitro model, however as already described previously, it consists of
exclusively ER membrane and thereby contains only enzymes specifically bound to it (UGT,
CYP). In addition the cofactor UDPGA and either NADPH or a NADPH regenerating system
(to cover the energy need of CYPs) are required. The activities of different isoenzymes vary
from object to object. In order to eliminate this problem so called microsome pools (collected
from many donors) are often used, which also enables a general determination of metabolic
characters of a given population. It also enables definition of gender differences as well as
identification of several critical CYPs responsible for the metabolism of the investigated
compound. The advantage of HLM is not only that it is simple to prepare in addition since
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preparates are stored at -80 oC enzymes can keep their activities even for a long time interval.
This enables preparation of greater amounts and so performation of longer and more complex
experiments using the same enzyme-pool. Unfortunately, the main disadvantage is that
quantitative measurements can not be carried out this way.
Although they are not really widely used it is definitely worth mentioning the
importance of purified reconstituted enzymes which are easy to handle, when one just has to
mix this kind of CYP enzymes with the adequate amount of NADPH cytochrome P450
reductase and cytochrome b5. However not all enzymes are available in this purified form
moreover even reproducibility of reconstitution processes is not high enough.
Cytoplasm of the hepotocytes contain soluble phase II enzymes e.g. N-acetyltransferase (NAT), glutathione-S-transferase (GST) and sulphotransferase (ST)- except for the
membrane bound transferase UGT. Catalityc enzyme activities require also some external
cofactors like acetyl-coenzym-A (acetyl-CoA), dithiothreitol (DTT), an acetyl-CoAregenerating system (for NAT), 3-phosphoadenosine-5-phosphosulfate (PAPS, for ST) and
glutathione (GT, for GST). All three enzymes exist in relative high concentrations and one
can them investigate either together or separately. However experiments carried out using the
cytosolic fraction enable only investigation of the phase-II of the metabolism and the main
problem is that the most frequent and important glucuronidation (because of the reasons
mentioned above) is even an exception among them.
The name of fraction S9 derives from its preparation technique (20 min at 9.000 g).
Since liver S9 fraction contains both microsomal and cytoplasmic fractions both the I. and the
II. phases of biotransformation can be investigated within the same experimental step.
However enzyme activities are somewhat lower than in the case of HLM or HLC. Similarly to
supersomes and microsomes addition of NADPH or NADPH-regenerating system is required
also in these experiments. The phase-II enzyme UGT needs UDPGA and the pore forming
alamethicin for its catalytic activity the other phase-II enzymes require cofactors listed for
experiments carried out using the HLC fraction.

VII.3. Immobilized Enzyme Reactors (IMER)

The previously discussed techniques are widely used in drug metabolism experiments.
They are popular for their easy/simple access, relatively low cost, speed and they are easy to
work with. However, several problems still arise in addition to those ones mentioned above,
such as a sample preparation technique suitable for the extraction of the examined compounds
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after completion of the reaction has to be worked out, which unfortunately gives rise to both
an additional experimental step and an additional chance for mistakes. Moreover during the
reactions neither the enzymes nor the different fractions can be recovered and thereby they
can not be re-used for further experiments, which mean that each experiment requires newly
composed reaction mixtures of fractions and enzymes necessary. To eliminate these hindering
factors so called immobilized enzyme reactors are applied where the appropriate enzyme gets
fixed to the stationary phase thereby one can apply them even for more experiments. Enzyme
immobilization can be achieved either by chemical or by physical methods. The chemical way
of immobilization involves formation of covalent bonds between appropriate functional
groups on the matrix and those ones on the enzymes (Figure 74., 1-2.) which can be carried
out either by non-polymerizing (where the chemical bonds form only between enzyme and
matrix but not between enzyme molecules) or by crosslinking reactions (where also enzymeenzyme bonding formations are allowed). Physical methods (Figure 74., 3-5.) can be
subclassified as adsorption, entrapment and encapsulation methods. In the case of physical
immobilization methods no chemical bonding formation occurs with the enzymes. The most
simple way of physical immobilization is the adsorption method, however, this is basically
reversible but careful selection of the support material and immobilization conditions the
degree of desorption can be minimized. Entrapment of enzymes can be achieved when the
polymerization reaction is carried out in the presence of the appropriate enzyme which
thereby becomes trapped in interstitial spaces in the polymer matrix and will be unable to get
through while little molecules can do that.

1.

2.

3.

4.

5.

Figure 74.: immobilization of enzymes

In the encapsulation method enzyme immobilization is achieved by the application of either
permanent (e.g. nylon) or non-permanent (e.g. liposomes) microcapsules which form a
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semipermeable membrane that allows only diffusion of smaller molecules (substrate, product)
but not of molecules at large size like enzymes are. The most suitable for biochemical
investigations are the non-permanent membranes, however, for specific analytical
experiments use of permanent membranes at higher mechanical stability is suggested.
Universally there are neither ideal methods nor ideal support materials for immobilization of
enzymes. Each immobilization reaction special in its own way depending on the physical and
chemical properties of the applied enzyme and support material in addition to many other
important factors not detailed here.
Although IMERs that contain CYPs commercially available nowadays and also
columns containing other kinds of enzymes playing important roles in drug metabolism (e.g.
MAO) have been developed, till nowadays there is no widespread application of IMERs in
drug metabolism research. Their main disadvantage is that one can bind to the column only a
single or maybe a few CYP enzymes at the same time, which limits the number of enzymes
whose role in the metabolism of the investigated drug can be studied. However, they get more
and more widespread since their application is possible with instruments similar to HPLC
(Figure 75.). During this measurements both the substrate and if necessary the cofactors get
mixed into the mobile phase. Chemical reaction takes place in the mobile phase during it
passes through the column containing the immobilized enzyme (IMER). Both the products
formed and the starting material will be detected either directly by an appropriate detector or
they will be separated by an analytical column and only then will they be detected most
frequently by MS (Figure 75.).

pump

pump

i

pump

HPLC column

IMER

trap-column

Figure 75.: schematic representation of an IMER containing equipment (i: injector; MS: mass spectrometer)
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MS

When enzymes belonging to the phase-II of the metabolism are immobilized, one can
obviously investigate phase-II reactions, while use of two (I. and II. phase) IMERs allows
investigation of both steps of the biotransfomration during a single measurement. In this latter
case also application either of an other syringe- or of an HPLC pump can be necessary for the
conjugation reaction to inject all the cofactors, substrate and other compounds which are
required by the enzyme for appropriate function. Injection is often achieved by the application
of a trap column, which collects the substances to be measured and then this reaction mixture
will be washed on to the analytical column by an other HPLC pump (Figure 75.).

In addition to the enzyme based methods discussed above there is an other main group
of these studies which are based on cellular and tissue models. Their principal advantage is
that they possess all of the metabolic enzymes; however, a notable drawback is that enzyme
activities can vary significantly depending on cell culture conditions, and many other factors
like injection of the test compound and the required cofactors into the cells, which can
significantly alter the enzymekinetic properties of any molecule. They are most frequently
used in enzyme induction studies where the complete cellular transcription-translation
operation system is required; thereby these experiments can be carried out exclusively with
live hepatocytes.

VII.4. Liver cell lines

Hepatocyte cell lines are less popular in in vitro diagnostics compared to the other
models described earlier. The reasons for that are primarily their non-differentiated cellular
properties and the incomplete expression of the metabolic enzymes. The human hepatocyte
cell lines can be prepared from primary liver parenchimal tumors formed after chronic
hepatitis or cirrhosis. They are rather effective since they can express both I. and II. phase
biotransformational enzymes. Human hepatocyte cell lines available nowadays are listed in
table 8. In addition (to them) also some animal hepatocyte cell lines exist, however, they are
less popular used in human drug biotransfomational research.
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Table 8.: human cell lines used for drug metabolism studies
designation

origin

active enzyme(s)

Hep G2

hepatocellular carcinoma

CYP 1A, 3A, UGT
CYP 1A1/2, 2A6, 2B6, 2C9,

BC2

hepatoma

2E1, 3A4, GST, UGT

Hep 3B

hepatocellular carcinoma

CYP 1A1

C3A

hepatoblastoma

CYP 3A

PLC/PRF/5

hepatoma

GST

VII.4.1. Hep G2 cell line

The most frequently used and the best characterized cell type which has no detectable
CYP enzyme activity under normal cell culture conditions. It is necessary to add the
appropiate inducers to induce the different isoenzymes however, the total CYP activity
remains relatively low compared to that of freshly prepared human hepatocytes. In addition
also the composition of the culture medium has a strong effect on the metabolic enzyme
activity of Hep G2 cells. In contrast to the freshly prepared hepatocytes these cell lines are
easy to culture, and possess a relatively constant enzyme level however, they express only a
few or even no phase-I and -II metabolic enzymes.

VII.4.2. Transgenic cell lines

These cell lines are produced by recombinant gene technique which enables a higher
level expression of all CYP and UGT izoenzymes compared to that of non-transfected cell
types. The amount of enzymes expressed this way is enough to perform even
biotransformation studies. The main advantage of these cell lines is that although their
culturing is not more difficult than that of non-transfected cells they express much higher
levels of CYP and UGT isoenzymes. In addition, similarly to supersomes the different
izoenzymes playing role in the drug metabolism of the test compound can be investigated
both separately and together. They are generally used for production of different metabolites
in larger amounts which are further used in structural and pharmacological studies. These in
vitro models are though easily available but rather expensive.

102

VII.4.3. Hepatocytes
VII.4.3.1. Primary hepatocytes

They can be prepared from liver by the collagenase method. It is a popular in vitro
model for drug metabolism research since it is very close to the in vivo situations. The
traditional collagenase method requires intact liver thereby no human liver could be used.
Later, some modifications allowed cell preparation also from parts of liver and so for example
from parts of liver originating from liver metastatic patients. Special care must be taken to
prepare cells immediately after excision. If it is not possible the tissue can be stored in
“University of Wisconsin” (UW) solution at 4 oC for ca. 48 hours without significant loss of
their viability.

VII.4.3.2. Cultured hepatocytes

After preparation hepatocytes can be stored either in the form of cell suspension or as
a tissue culture monolayer. In suspension cell viability takes only a few hours, while in a
tissue culture cells keep their viability even for up to 4 weeks. Nowadays due to successful
cryopreservation techniques enable commercial availability of these cells. Both forms possess
a rather good in vitro/in vivo profile and thereby they can be applied as a very useful method
for specific metabolic profile studies. The main advantage of this technique is that compared
to those other ones discussed earlier by means of this kind of cellular model (since also drug
transporters are present and operating) one can investigate not only metabolic processes but
also transport pathways. However, also some disadvantages have to be mentioned, which are
the rather time-consuming and complicated cell preparation, moreover the other liver cells are
not present and it is quite difficult to exclude individual differences.

VII.5. Liver slices, isolated perfused liver

Liver slices are a rather effective and useful technique representing the in vivo events
very well. When investigating the whole cross-section one can examine even two dimensional
structures so different types of transport pathways. The huge advantage of this technique is
that more experiments can be carried out using only a single liver and also allows
investigation of induction CYP isoenzymes. The main advantage of this method is that there
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is no need to apply any digesting enzyme which may damage the cells. However, appropriate
method for storage of the liver slices is not developed yet and CYP activity lasts only a short
period of time. Furthermore, during the preparation procedure of liver tissue sections cells on
the edge of the slices get damaged which causes an inadequate perfusion (oxygen and
nutrition supply) that significantly decreases viability of liver slices. The main disadvantages
of this model are the damages formed on the edges of the sections, limited viability (ca. 5
days), and the high price of the instruments required for the preparation of precision sections.
The isolated perfused liver is rather an ex vivo than an in vitro technique, represents
the most precisely the in vivo events. The intact liver provides a three dimensional structure of
this organ, which allows examination of the numerous biochemical processes taking place in
the liver. One can, for example collect bile sample thereby also conjugation reactions with
bile acids can be studied. However, this model is a rather sensitive one considering that the
viability is relative short, ca. 3-4 hours and till nowadays there has been no appropriate
cryopreservation storage technique developed. In contrast to liver slices, where the number of
experiments that can be carried out depend on the thickness of the section, in the case of
perfused liver in each experiment another animal must be „used” thereby reproducibility of
these experiments is rather low. Because of ethical reasons human liver samples are not
allowed to be used for these experiments.
Table 9. summarizes the main advantages and disadvantages of different in vitro
techniques. However, the isolated perfused liver perfectly represents the in vivo situations
widespread use of this technique is basically prevented by its practical difficulties,
problematic reproducibility and the limitation of time (ca. 3 hours). Compared to isolated
perfused liver the drawbacks of liver slices are negligible therefore they are much more likely
applied in different experiments. As a result, perfused animal liver is suggested to be used
exclusively in biotransformation studies where bile secretion is required. Experiments carried
out both with liver slices and primary hepatocyte tissue cultures monitor precisely the in vivo
metabolic profile. However, sudden decrease in viability and metabolic capacity experienced
only few hours after isolation are unfortunately serious disadvantages of these models.
Cultures of primary hepatocytes possess a longer viability but the degree of decrease
of some enzyme levels in these cultures is even too high with time (some hours after the
preparation). There have been developed several methods to increase viability and at the same
time to preserve hepatospecific functions of liver slices and cultured primary hepatocytes.
Unfortunately, these make elucidation of the results just more difficult. Compared to liver
slices in the case of primary hepatocyte tissue cultures the normal integrity of the liver of
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course can not be stated, but as an advantage has to be mentioned that decrease in enzyme
level can be decreased by the addition of appropriate inductors to the culture medium, which
is not possible in the case of liver slices.

Table 9.: An overview of the in vitro techniques, their advantages and disadvantages
in vitro technique
human CYP and
UGT supersomes

HLM

•
•
•
•
•

•
HLC
•
•

HLS9

•
•

advantages
disadvantages
only one enzyme is expressed
• difficult extrapolation to HLM
or in vivo results
different genotyps
high enzyme activity
affordable
• inadequate for quantitative
measurements
individual and gender-specific
investigations
• contains only CYP and UGT
enzymes
NAT, ST and GST activity • contains only NAT, ST and
depends on the cofactors are
GST enzymes
present
high enzyme activity
individual,
gender-specific
boitransformation can be studied
contains both phases enzymes
• lower
enzyme
activity
compared to HLM or HLC
individual,
gender-specific
boitransformation can be studied

• easy culturing
• relatively
stable
enzyme
expression
• inducible CYPs
• easy culturing
transgenic cell lines • higher enzyme expression
• one isoenzyme or combination
of CYPs can be investigated
• enzyme inhibitors and inducers
primary
can be studied
hepatocytes
• drug transporters are present and
functional

• low enzyme expression

human liver cell
lines

liver slices

isolated perfused
liver

•
•
•
•
•

• incomplete representation of a
true in vivo situation
• few isoenzyme are expressed

• difficult and time consuming
isolation
• possible cell damage during
isolation
• only preselected cells can be
studied
intact cellular interactions
• damaged cells at the edges
possible morphological studies
• inadequate penetration
individual variation can be • limited viability
studied
• expensive equipment
bile formation
• delicate model
3D structure
• limited viability
• poor reproducibility
• human liver not available
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Compared to primary hepatocytes, liver slices and to perfused liver, the cell lines
developed show a relative good stability, although they often contain either a too high or a too
low concentration of essential enzymes typical of liver which limits the number of fields they
can be applied. The different transgenic and non transgenic cell lines are useful models both
for combined studies of biotransformation and cytotoxicity. However, the transgenic cell lines
seem to be more useful for these investigations there still no transgenic cell line precisely
representing the in vivo human hepatocytes.
The subcellular liver fractions can be widely used for determination of the metabolic
profile of newly developed drug compounds. Investigations of microsomes provide
information about CYP and UGT mediated biotransformation, while the cytosolic fraction
enables examination of the role of soluble phase-II enzymes (NAT, GST and ST) in the II.
phase of biotransformation. CYP, UGT supersomes and the cytosolic NAT provide
information about CYP, UGT and NAT isoenzymes. S9 fractions can be used both for phase-I
and phase-II biotransformation in the same experiment. Other sources of supersomes and
recombinant human cytochromes play a rather important role both in identification of new
metabolites and in identification of functions of given CYPs, UGTs and NATs during the
biotransformation of different test compounds. However, when investigating a subcellular
fraction there are no drug transporters present which normally influence the drug metabolism
in intact cells and organs.
Investigation of a new drug can be started even by the use of a simple model, while
progressive studies may require more and more complex experimental models. The HLM and
HLC seem to be the most appropriate ones for starting followed by CYP and UGT
supersomes, next by cytosolic NAT then S9 fraction, then transfected cell lines and primary
hepatocytes and finally liver slices. The perfused liver is not really suitable model for
biotransformation studies; basically it can be used only in experiments where bile secretion is
required.
Current regulating provisions for human drug development research permit use of in
vitro systems for supporting studies accordingly; basically a qualitative evaluation of the
results of in vitro experiments is suggested. For example, if the results of an in vitro
experiment refer to lack of any drug interaction there is no more need for further in vivo
examination, but if there is a possibility of drug interaction also the in vivo examination must
be carried out. Some examples for the possible fields of application of in vitro techniques can
be seen on Figure 76. below.
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Recombinant CYP models

Investigation of polymorfism

Enzyme inhibition
HLM, HLC, S9

Metabolic stability
Metabolite profile
Prediction of in vivo
pharmacokinetic characteristics

Hepatocytes, liver slices

Enzyme induction
Drug-drug interactions

Drug toxicity

Figure 76.: in vitro techniques in the drug R & D process

VII.6. Integrated discrete Multiple Organ Co-culture system (IdMOC)

All techniques described previously are liver based ones as drug metabolism basically
takes place in this organ. However, also other organs (kidney, gut) contribute more or less to
drug biotransformation processes. To enable investigation of this contribution a so called
integrated discrete multiple organ coculture (IdMOC) model has been developed. In this
cocultures cells of different organs are cultured at the same time but they are physically
separated (Figure 77.). Connection between the discrete cell cultures is provided in by the
blood circulation in the body and here a supernatant cell culture medium functionates as a
connector.
overlying medium

cell cultures
Figure 77.: schematic representation of the „IdMOC” system
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Although it does not appear from this chapter, but the techniques, which were
discussed above, are closly related to the instrumental anlysis, since at the end of the
experiments the analyte(s) of interest must be extracted from the experimental system (see
chapter III.) and analyze using different instrumental tecniques, nowadays typically by LCMS, in order to determine its structure and concentration.
The in vitro techniques described in this chapter seem to be without any doubt rather
useful, they provide important pieces of information in different phases of drug research and
development. However, a total replacement of animal studies by in vitro models seems not to
be possible in the near future though, by their application the number of animal studies could
be significantly decreased. Application of these techniques will probably increase (the
isolated pefused liver is an exception) mainly in the earlier stages of drug development
thereby only the most potential compound will be used further in the in vivo tests which
significantly lowers both the costs and also animal number that is a rather important factor.
For additional information see: Gary Evans (ed.): 15. chapter: In vitro techniques for
investigating drug metabolism, from the book entitled “A HANDBOOK OF BIOANALYSIS
AND DRUG METABOLISM”, and the following rewieves Esther F.A. Brandon, Christiaan
D. Raap, Irma Meijerman, Jos H. Beijnen, Jan H.M. Schellens: An update on in vitro test
methods in human hepatic drug biotransformation research: pros and cons. Toxicology and
Applied Pharmacology 189: 233–246., 2003; and Lee Jia, Xiaodong Liu, The Conduct of
Drug Metabolism Studies Considered Good Practice (II): In Vitro Experiments. Current Drug
Metabolism; 8(8): 822–829., 2007.
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